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 PHYSICS 
1. (c) To determine the energy required to remove a neutron from C13, we need to find the difference in total binding 

energy between C13 and C12. 

The binding energy per nucleon for C13 is given as 7.47 MeV . Since C13 has 13 nucleons, its total binding energy 

is: 

EB,C13 = 7.47MeV × 13 

EB,C13 = 97.11MeV 

The binding energy per nucleon for C12 is given as 7.68 MeV . Since C12 has 12 nucleons, its total binding energy 

is: 

EB,C12 = 7.68MeV × 12 

EB,C12 = 92.16MeV 

The energy required to remove a neutron from C13 is the difference between the total binding energy of C13 and 

C12 : 
Eremove = EB,C13 − EB,C12 

Eremove = 97.11MeV − 92.16MeV 

Eremove = 4.95MeV 

Now, let's convert this energy from MeV to Joules. Since 1 MeV is equivalent to 1.60218 × 10−13 J : 
Eremove = 4.95MeV × 1.60218 × 10

−13 J/MeV 

Eremove = 7.92 × 10
−13 J 

Therefore, the energy required to remove a neutron from C13 is 7.92 × 10−13 J. 
2. (c) Given, 

•Z1 = 2 ( α-particle) 

• Z2 = 50 

•K. E.= 6.5MeV 

Using 

e2

4πε0
= 1.44MeV 

r =
1.44 × 2 × 50

6.5
=
144

6.5
= 22.15fm 

r = 22.15fm = 2.215 × 10−14 m 
Among the given options, this corresponds to 

0.0221 × 103fm = 22.1fm 

0.0221pm 
3. (b) To determine the total resistance to the motion of the scooter, we can start by using the work-energy principle. 

According to this principle, the work done by the resistive forces to stop the scooter is equal to the initial kinetic 

energy of the scooter. 

The initial kinetic energy (KE) of the scooter can be given by: 

KE =
1

2
mv2 

where 

•m is the mass of the scooter 

•v is the initial velocity of the scooter (7 ms−1). 
We are given that the scooter comes to a stop after traveling 10 m , and the work done by the resistive force F over 

this distance can be represented as: 

Work = F ⋅ d 
where 

•d is the distance covered by the scooter before coming to a stop ( 10 m ). 

Therefore, the work done by the resistive force is equal to the initial kinetic energy: 

F ⋅ d =
1

2
mv2 

From Newton's second law, we also know that the weight of the scooter W is given by: 

W = mg 
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 thus, m =
W

g
 

Substituting m into the kinetic energy equation, we get: 

F ⋅ 10 =
1

2
(
W

g
) (7)2 

Simplifying this equation: 

F ⋅ 10 =
1

2
(
W

g
) ⋅ 49 

F =
1

2
(
49W

10g
) 

F =
49W

20g
 

Given that gravity g = 9.8 ms−2, we can substitute this value into the equation: 

F =
49W

20 ⋅ 9.8
 

F =
49W

196
 

F =
W

4
 

Therefore, the total resistance to the motion of the scooter is 
1

4
W. 

4. (a) Young's double slit experiment involves the interference of light waves originating from two slits which 

produce a pattern of bright and dark fringes due to constructive and destructive interference respectively. In this 

problem, we introduce a glass plate in the path of one of the beams, which causes an additional path difference 

due to the change in the optical path length. 

Given: 

•Wavelength of light, λ = 500 nm = 500 × 10−9 m 

•Refractive index of the glass plate, n = 1.5 

•Thickness of the glass plate, t = 0.1 mm = 0.1 × 10−3 m 

The optical path difference introduced by the glass plate is given by: 

Δd = (n − 1)t 
Substituting the given values: 

Δd = (1.5 − 1) × 0.1 × 10−3 m = 0.5 × 0.1 × 10−3 m = 0.05 × 10−3 m = 5 × 10−5 m 
The shift in the number of fringes due to this path difference is given by: 

Number of fringes =
Δd

λ
 

Substituting the values for Δd and λ : 

Number of fringes =
5×10−5 m

500×10−9 m
=

5×10−5

500×10−9
=
5×10−5

5×10−7
=

1

10−2
= 100 

Thus, the number of fringes that will shift due to the introduction of the glass plate is 100. 

5. (b) (1) Identify the Active Loop: The current only circulates through the bottom loop containing the 1Ω and 4Ω 

resistors. 

(2) Net Voltage: The 3 V and 2 V cells oppose each other: 

𝑉net = 3 V − 2 V = 1 V 
(3) Total Resistance: 

𝑅total = 1Ω + 4Ω = 5Ω 
(4) Current (I): 

𝐼 =
𝑉net 

𝑅total 

=
1 V

5Ω
= 0.2 A 

6. (d) To determine the maximum height attained by the ball, we can use the equations of projectile motion. Given 

the initial height of the ball is same as the height of the cricketers (both are 2.5 m tall), the angle of projection is 

30∘ , and the horizontal range is 50 m , we need to find out the maximum height. 

First, let's calculate the initial velocity of the ball. For horizontal range, we use the formula: 

R =
u2sin2θ

g
 

where: 
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•R is the range = 50 m 

•u is the initial velocity 

•θ is the angle of projection = 30∘ 
• g is the acceleration due to gravity = 9.8 m/s2 
First, calculate sin⁡2θ : 

sin2θ = sin60∘ =
√3

2
 

Thus, the range equation becomes: 

50 =
u2 ⋅

√3
2

9.8
 

Solve for the initial velocity u : 

u2 =
50 ⋅ 9.8 − 2

√3
 

u2 =
980

√3
 

u = √565.69 

u = 23.78 m/s 
Now, we need to find the maximum height achieved by the ball. The formula for maximum height in projectile 

motion is: 

H = h0 +
u2sin2θ

2g
 

where: 

• h0 is the initial height = 2.5 m 

• sinθ is for θ = 30∘ 
First, calculate sin⁡30∘ : 
sin30∘ = 0.5 
Thus, substituting the values, we get: 

H = 2.5 +
23.782 ⋅ 0.52

2 ⋅ 9.8
 

H = 2.5 +
23.782 ⋅ 0.25

19.6
 

H = 2.5 +
565.69 − 0.25

19.6
 

H = 2.5 +
141.42

19.6
 

H = 2.5 + 7.2 

H = 9.7 m 
Therefore, the maximum height attained by the ball is closest to option (d) 

7. (a) For hydrogen atom, 

ΔE3→2 = 13.6 (
1

22
−
1

32
) = 13.6 (

5

36
) 

ΔE2→1 = 13.6 (1 −
1

22
) = 13.6 (

27

36
) 

Since 

E =
hc

λ
 

wavelength is inversely proportional to energy difference: 
λ2→1
λ3→2

=
ΔE3→2
ΔE2→1

=
5/36

27/36
=
5

27
 

Therefore, 

λ2→1 =
5λ

27
 

8. (a) Step-by-step Solution: 

(1) Initial Angular Momentum of the Cylinder ( Lcylinder  ): 
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 Moment of Inertia (Ic) =
1

2
MR2 =

1

2
× 2 × (0.2)2 = 0.04 kg ⋅  m2 

Lcylinder = Icω0 = 0.04 × 5 = 0.2 J ⋅  s 

(2) Initial Angular Momentum of the Particle ( Lparticle  ): 

Since the particle's line of motion is tangent to the cylinder, the perpendicular distance from the axis is equal to the 

radius (R = 0.2 m) : 
Lparticle = mvR = 1 × 5 × 0.2 = 1.0 J ⋅  s 

(3) Total Initial Angular Momentum (Lp) : 

Both rotation and the particle's impact are in the same directional sense: 

Li = Lcylinder + Lparticle = 0.2 + 1.0 = 1.2 J ⋅  s 

(4) Final Moment of Inertia ( Ij ): 

If = Ic +mR
2 = 0.04 + 1 × (0.2)2 = 0.08 kg ⋅  m2 

(5) Final Angular Velocity (ωf) : 

ωf =
Li
If
=
1.2

0.08
= 15.0rad s−1 

9. (b) To find the approximate separation of the centers of charges in the water molecule, we need to consider the 

work done in rotating the dipole in an electric field. The work done W to rotate a dipole of moment p⃗  by an angle 

θ in an electric field E⃗⃗  is given by: 

W = pEcos(θ) − pEcos(0) 
For a rotation by 180∘, θ = 180∘, and cos(180∘) = −1 : 

W = pEcos(180∘) − pEcos(0) 
Since cos⁡(0) = 1, the above equation simplifies to: 

W = pE(−1) − pE(1) 
W = −pE − pE 

W = −2pE 
Given that the work done is: 

5 × 10−25 J 
And the electric field strength is: 

E = 2.5 × 104 N/C 

We can find the dipole moment, p. 

5 × 10−25 = −2p(2.5 × 104) 
Solving for p : 

5 × 10−25 = −5 × 104p 

p =
5 × 10−25

−5 × 104
 

p = −1 × 10−29Cm 

Since the dipole moment p is given by the product of the charge q on the water molecule and the separation d of 

the charges, we have: 

p = qd 
For a water molecule, the charge of each center (hydrogen or oxygen) can be approximated to the elementary 

charge e (since a water molecule is neutral overall, but the centers have polarity): 

q = 1.6 × 10−19C 

Therefore, we can solve for the separation d : 

d =
p

q
 

d =
1 × 10−29

1.6 × 10−19
 

d =
1

1.6
× 10−10 

d = 0.625 × 10−10 m 
So, the approximate separation of the centers of charges is: 

= 0.625 × 10−10 m 

10. (c) (1) Objective Lens Magnification ( mo ) 
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 •Use the lens formula (
1

v
−
1

u
=
1

f
) with fo = 60 cm and uo = −300 cm. 

•This gives the image distance vo = 75 cm. 

• mo =
vo
uo
=

75

−300
= −0.25 

(2) Eyepiece Magnification ( mc ) 
•For final image at near point ( D = 25 cm ): 

•me = 1 +
D

fe
= 1 +

25

5
= 6 

(3) Total Magnification ( M ) 

• M = mo ×me = −0.25 × 6 = −1.5 
11. (b) To design the parallel plate capacitor with the given specifications, we need to determine the minimum area of 

the plates. Let's break down the given information and use it step by step. 

The capacitor has a dielectric constant κ = 5 and a dielectric strength of 106 V m−1. The voltage rating is 2 kV 

and the maximum electric field allowed is 10% of its dielectric strength. 

First, calculate the maximum electric field: 

Emax = 0.1 × 10
6 V m−1 = 105Vm−1 

Given the voltage rating, the separation between the plates (d) can be found using the relation: 

V = Emax × d 

Rearranging for d : 

d =
V

Emax
=

2000 V

105 V m−1
= 0.02 m 

Next, we use the formula for the capacitance of a parallel plate capacitor: 

C = κϵ0
A

d
 

Where: 

•C = 60pF = 60 × 10−12 F 

•κ = 5 

•ϵ0 = 8.85 × 10
−12Fm−1 

•d = 0.02 m 

• A = Area of the plates 

Rearranging for A : 

A =
C × d

κ × ϵ0
 

Substituting the values: 

A =
60 × 10−12 F × 0.02 m

5 × 8.85 × 10−12Fm−1
=
60 × 0.02

5 × 8.85
× 10−12+12 m2 =

1.2

44.25
 m2 

Simplifying further, we get: 

A = 2.71 × 10−2 m2 
Therefore, the minimum area of the plates should be: 

12. (d) The coefficient of volume expansion ( β ) is given as 49 × 10−5 K−1. The formula to determine the change in 

volume due to thermal expansion is: 

ΔV = VβΔT 
Here: 

• ΔV is the change in volume. 

•V is the original volume. 

• β is the coefficient of volume expansion. 

• ΔT is the change in temperature. 

Given that the temperature change (ΔT) is 50∘C, we have: 

ΔV = V ⋅ (49 × 10−5 K−1) ⋅ 50 

ΔV = V ⋅ (49 × 10−5 × 50) 
ΔV = V ⋅ (2450 × 10−5) 
ΔV = V ⋅ 0.0245 

This indicates that the volume increases by 2.45%. Since density ( ρ ) is inversely proportional to volume ( V ), a 

2.45% increase in volume will result in a 2.45% decrease in density. 
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Thus, the percentage change in density is 2.45%. 

13. (b) For a current element dI on the semicircular cross-section ( R = 1 m ), 

dB =
μ0dI

2πR
 

Current is uniformly distributed: 

dI =
I

π
dθ. 

Only the horizontal components add: 

B =
μ0I

2π2R
∫  
π

0

sinθdθ =
μ0I

2π2R
(2) =

μ0I

π2R
. 

Since R = 1, 

B =
μ0I

π2
 T 

14. (a) When bulbs are connected in series, the same current flows through each bulb. The power dissipation in a bulb 

is given by: 

P =
V2

R
 

where: 

•P is the power 

• V is the voltage across the bulb 

• R is the resistance of the bulb 

Given that the power ratings of the bulbs are 40 W,60 W, and 100 W , and they are all rated for a common 

voltage source (typically each bulb would be rated for 220 V ), we can use the power rating to deduce the 

resistance of each bulb: 

Rb =
Vb
2

P
 

Let's calculate the resistance for each bulb: 

For the 40 W bulb: 

R40 =
2202

40
= 1210Ω 

For the 60 W bulb: 

R60 =
2202

60
= 806.67Ω 

For the 100 W bulb: 

R100 =
2202

100
= 484Ω 

When bulbs are connected in series, the total resistance Rtotal  is the sum of the individual resistances: 

Rtotal = R40 + R60 + R100 
Rtotal = 1210 + 806.67 + 484 = 2500.67Ω 
The total current in the series circuit is given by Ohm's Law: 

I =
Vsource 

Rtotal 

 

I =
220

2500.67
= 0.088 A 

The voltage drop across each bulb can be found using Ohm's Law again: 

•Voltage drop across the 40 W bulb: V40 = I × R40 = 0.088 × 1210 = 106.48 V 

•Voltage drop across the 60 W bulb: V60 = I × R60 = 0.088 × 806.67 = 71.79 V 

•Voltage drop across the 100 W bulb: V100 = I × R100 = 0.088 × 484 = 42.59 V 

The power dissipated by each bulb in this series arrangement is: 

•Power in the 40 W bulb: P40 = I
2 × R40 = (0.088)

2 × 1210 = 9.38 W 

•Power in the 60 W bulb: P60 = I
2 × R60 = (0.088)

2 × 806.67 = 6.30 W 

•Power in the 100 W bulb: P100 = I
2 × R100 = (0.088)

2 × 484 = 3.74 W 

From these calculations, it is clear that the 40 W bulb dissipates the most power when connected in series and thus 

will glow the brightest. 

15. (a) To solve this problem, we need to follow these steps: 
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(1) Calculate the energy of the emitted photon using the photoelectric effect equation. 

(2) Use the energy levels of the hydrogen atom to find the initial state that corresponds to the emitted photon's 

energy. 

The work function of the metallic electrode is 0.5 eV , and the stopping voltage is 0.47 V . We can use the 

equation for the photoelectric effect: 

Ephoton = Work function + Kinetic energy of ejected electron 

The kinetic energy of the ejected electron in electron volts ( eV ) is equal to the stopping voltage, which is 0.47 eV 

. Therefore: 

Ephoton = 0.5eV + 0.47eV = 0.97eV 

Now, we need to find the energy levels of the hydrogen atom. The energy level of an electron in the nth state of a 

hydrogen atom is given by: 

En = −13.6
1

n2
eV 

The energy difference between the two states n and the second excited state ( n = 3 ) is given by the equation: 

ΔE = En − E3 = −13.6 (
1

n2
−
1

32
) eV 

We know that this energy difference must be equal to the energy of the photon: 

0.97 = −13.6 (
1

n2
−
1

9
) 

To simplify, we multiply both sides by -1 : 

−0.97 = 13.6 (
1

n2
−
1

9
) 

Next, we divide both sides by 13.6 : 

−
0.97

13.6
=
1

n2
−
1

9
 

Which simplifies to: 

−
0.97

13.6
=
1

n2
−
1

9
⇒ −0.07132 =

1

n2
− 0.1111 

Now, isolate 
1

n2
 : 

1

n2
= −0.07132 + 0.1111 = 0.03978 

Thus: 

n2 =
1

0.03978
= 25.14 

Therefore: 

n = √25.14 = 5 

So the quantum number of the state ' n ' is approximately 5 . 

16. (c) The acceleration due to gravity, commonly denoted as g, varies depending on where you are on Earth's surface. 

Two key factors cause this variation: the shape of the Earth and its rotation. 

Shape of the Earth: The Earth is not a perfect sphere but an oblate spheroid, meaning it is slightly flattened at the 

poles and bulges at the equator. The radius of the Earth is smaller at the poles and larger at the equator. Since 

gravitational acceleration is inversely proportional to the square of the radius (distance from the center of the 

Earth), it is stronger where the radius is smaller (at the poles) and weaker where the radius is larger (at the 

equator). 

Earth's Rotation: The Earth's rotation also plays a significant role. At the equator, the centrifugal force due to 

rotation is maximum, which acts outward and reduces the effective gravitational pull. This centrifugal force is 

zero at the poles. 

Combining these two factors, the effective gravitational acceleration at the equator (ge) is less than that at the 

poles (gp). Mathematically, this relationship can be represented as:ge < gp 

17. (b) Let's consider the torque (also called the couple) acting on a bar magnet in a uniform magnetic field. The 

torque τ experienced by a bar magnet of magnetic moment M in a uniform magnetic field B, when held at an angle 

θ to the field, is given by: 

τ = MBsinθ 

Initially, the bar magnet is held perpendicular to the magnetic field, so θ = 90∘. The torque in this position is: 

τ0 = MBsin90
∘ = MB 
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To halve the couple, the new torque τ should be: 

τ =
τ0
2
=
MB

2
 

Let the new angle be θ. The torque at this angle will be: 

τ = MBsinθ 
Setting this equal to half the initial torque, we get: 

MBsinθ =
MB

2
 

Dividing both sides by MB : 

sinθ =
1

2
 

The angle θ for which sin⁡θ =
1

2
 is: 

θ = 30∘ 
Hence, the angle by which the magnet is to be rotated to halve the couple acting on it is:30o 

18. (c) To determine the direction in which a negative charge particle will be deflected when moving in a magnetic 

field, we can use the right-hand rule for the Lorentz force. However, since the particle is negatively charged, we'll 

need to consider the direction of force opposite to what the right-hand rule would normally give for a positive 

charge. 

Let's break this down step-by-step: 

(1) Direction of Velocity: The particle is moving upward. 

(2) Direction of Magnetic Field: The magnetic field is pointing towards the north. 

According to the right-hand rule for a positive charge: 

(1) Point your thumb in the direction of the velocity (upward). 

(2) Point your fingers in the direction of the magnetic field (north). 

(3) Your palm will point in the direction of the force on a positive charge (west). 

Since we are dealing with a negative charge, the force will be in the opposite direction of what the right-hand rule 

gives us. Therefore, the force will point to the east. 

So, the negative charge particle will be deflected towards the east. 

19. (c) Initially, 

F =
kq2

r2
 

Charges are +q and −q. 

30% of charge of N is transferred to M : 

0.3q =
3q

10
 

New charges: 

M = q −
3q

10
=
7q

10
 

N = −q +
3q

10
= −

7q

10
 

New force: 

F′ =
k(
7q
10) (

7q
10)

r2
=
49

100

kq2

r2
=
49

100
F 

20. (b) First, we need to find the rate at which the area of the loop is changing since the induced emf in the loop is 

related to the change of magnetic flux through the loop. 

The magnetic flux Φ through the loop is given by: 

Φ = B ⋅ A 
where 

B is the magnetic field 

and 

A is the area of the loop. 

The area A of a circular loop with radius r is given by: 

A = πr2 

The rate of change of the area A with respect to time t is: 
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dA

dt
= π

d

dt
(r2) = π ⋅ 2r ⋅

dr

dt
 

We are given: 

•
dr

dt
= −2 mm s−1 = −2 × 10−3 m s−1 

• r = 4 cm = 0.04 m 
Substituting these values in, we get: 
dA

dt
= π ⋅ 2r ⋅

dr

dt
 

dA

dt
= π ⋅ 2 ⋅ 0.04 ⋅ −2 × 10−3 

dA

dt
= π ⋅ 2 ⋅ 0.04 ⋅ −2 ⋅ 10−3 

dA

dt
= −1.6 × 10−4π m2 s−1 

The induced emf ε is given by Faraday's law of induction: 

ε = −
dΦ

dt
 

Since Φ = B ⋅ A, we have: 

ε = −B ⋅
dA

dt
 

Substituting the values of B and 
dA

dt
, we get: 

ε = −0.125 T ⋅ −1.6 × 10−4π m2 s−1 

ε = 0.125 ⋅ 1.6 × 10−4π 

ε = 2 × 10−5π V 

Since the question asks for the answer in μV (microvolts), we convert the emf: 

ε = 20πμ  
21. (b) Given: 

•Refractive index (μ) = 1.4 

•Radius of curvature R1 = +4 cm (the first surface is convex) 

•Radius of curvature R2 = +8 cm (the second surface is also convex) 

Calculation: 

Substitute the values into the formula: 
1

f
= (1.4 − 1) (

1

4
−
1

8
) 

1

f
= (0.4) (

2 − 1

8
) 

1

f
= 0.4 ×

1

8
 

1

f
=
0.4

8
=
4

80
=
1

20
 

Therefore, f = +20 cm. 

Conclusion: 

•Since the focal length is positive ( +20 cm ), the lens acts as a converging lens. 

22. (a) When the temperature of a wire increases, the Young's modulus of elasticity typically decreases. This is 

because, at higher temperatures, the atomic vibrations within the material increase, leading to a decrease in the 

stiffness and the ability of the material to sustain elastic deformations. Therefore, when the temperature is 

doubled, the Young's modulus of elasticity will decrease. 

23. (d) To determine the magnitude of the magnetic force on a current-carrying wire in a magnetic field, we use the 

formula for the magnetic force on a current element, which is given by: 

dF⃗ = Idl × B⃗⃗  
where: 

I is the current, 

dl  is the infinitesimal length vector of the wire, and 

B⃗⃗  is the magnetic field vector. 
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In this problem, the given parameters are: 

Length of the wire, L = 2 m 

Current, I = 1 A 

Direction of the wire along the x axis, so dl  can be expressed as dxî. 

The magnetic field B⃗⃗ = B0(î + ĵ + k̂)T. 

Firstly, since the wire is along the x axis, its length vector is: 

l = 2î m 
Since it carries a current of 1 A , the force on the wire can be given by integrating along its length: 

F⃗ = I∫ ⁡ dl × B⃗⃗ = Il × B⃗⃗  

Substituting the values, we get: 

F⃗ = 1 A × 2î × B0(î + ĵ + k̂) 
Using the distributive property of the cross product, we have: 

F⃗ = 2B0 î × (î + ĵ + k̂) 
Since the cross product of any vector with itself is zero, î × î = 0 : 

F⃗ = 2B0(î × ĵ + î × k̂) 
We know from the right-hand rule for cross products that: 

î × ĵ = k̂ 

î × k̂ = −ĵ 
Substituting these into the equation, we have: 

F⃗ = 2B0(k̂ − ĵ) 
The magnitude of this force is obtained by finding the vector magnitude: 

|F⃗ | = 2B0√(−ĵ)
2 + k̂2 = 2B0√1 + 1 = 2B0√2 

Thus, the magnitude of the magnetic force on the wire is: 

24. (d) To determine the physical quantity represented by the dimension [ ML−1 T−2 ], let's analyze the dimension 

each of the given options step-by-step: 

Option(a): Pressure × Area 

Pressure has the dimension [ML−1 T−2] and Area has the dimension [L2]. 
Thus: 

[ML−1 T−2] × [L2] = [ML T−2] 
This does not match [ML−1 T−2]. 

Option(b): 
 Force 

 Pressure 
 

Force has the dimension [MLT−2] and Pressure has the dimension [ML−1 T−2]. 
Thus: 

[MLT−2]

[ML−1 T−2]
= [L2] 

This does not match [ML−1 T−2]. 
Option(c): Power × Time 

Power has the dimension [ML2 T−3] and Time has the dimension [T]. 
Thus: 

[ML2 T−3] × [T] = [ML2 T−2] 
This does not match [ML−1 T−2]. 
Option(d): Energy density 

Energy density has the dimension [
 Energy 

 Volume 
]. 

Energy has the dimension [ML2 T−2] and Volume has the dimension [L3]. 
Thus: 

[ML2 T−2]

[L3]
= [ML−1 T−2] 

25. (b) To calculate the new resistance after the wire is stretched, we need to use the fact that resistance is 

proportional to the length and inversely proportional to the cross-sectional area of the wire. The formula for 

resistance is given by: 
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 R = ρ
L

A
 

where ρ is the resistivity of the material, L is the length, and A is the cross-sectional area. 

Initially, the length of the wire is 10 m and the resistance is 10Ω. When the length is increased by 25%, the new 

length becomes: 

Lnew = 10 m+ (0.25 × 10 m) = 12.5 m 

Let's denote the initial resistance as Rinitial = 10Ω and the initial length as Linitial = 10 m. 

The volume of the wire remains constant during stretching, so: 

Linitial × Ainitial = Lnew × Anew  
This implies: 

10 m× Ainitial = 12.5 m× Anew  

So, Anew =
Ainitial ×10

12.5
= 0.8 × Ainitial  

The new resistance is calculated as: 

Rnew = ρ
Lnew 

Anew 

 

Using the relationship between initial and final conditions, we get: 

Rnew = ρ
Lnew 

Anew 

= ρ
Lnew 

0.8 × Ainitial 

= 1.25 × ρ
Lnew 

Ainitial 

 

Since Rinitial = ρ
Linitial 

Aintial 
, we can write: 

Rnew = 1.25 × Rinitial ×
Lnew 

Linitial 

 

Substitute the known values: 

Rnew = 1.25 × 10Ω ×
12.5 m

10 m
 

Simplify: 

Rnew = 1.25 × 10Ω × 1.25 

Rnew = 1.5625 × 10Ω 

Rnew = 15.625Ω 

Rounding it to one decimal place, Rnew = 15.6Ω. 

26. (d) When a body is executing Simple Harmonic Motion (SHM), its velocity v at a displacement x from the mean 

position can be given by the equation: 

v = ω√A2 − x2 

Here, ω is the angular frequency and A is the amplitude of the SHM. 

Given: 

At displacement 4 cm , velocity 10cms−1 
At displacement 5 cm , velocity 8cms−1 

We use the equation for velocity at displacement for both given conditions to form two equations: 

At x = 4 cm and v = 10cms−1 : 

10 = ω√A2 − 42 
This can be rewritten as: 

10 = ω√A2 − 16 

At x = 5 cm and v = 8cms−1 : 

8 = ω√A2 − 52 
This can be rewritten as: 

8 = ω√A2 − 25 
Now, we square both equations and equate them to form a system of equations: 

For the first equation: 

100 = ω2(A2 − 16) 
For the second equation: 

64 = ω2(A2 − 25) 
Divide the first equation by the second equation to eliminate ω2 : 

100

64
=
A2 − 16

A2 − 25
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Simplify: 

25

16
=
A2 − 16

A2 − 25
 

Cross-multiplying gives: 

25(A2 − 25) = 16(A2 − 16) 
Expand and simplify: 

25A2 − 625 = 16A2 − 256 
Rearrange terms: 

9A2 = 369 
Therefore: 

A2 = 41 

The amplitude A = √41. 

We can now use either set of velocity and displacement to find ω. Using the first set: 

10 = ω√41 − 16 

10 = ω√25 
Therefore: 

10 = 5ω 

ω = 2rad/s 
The periodic time T is given by the relation: 

T =
2π

ω
 

Substitute ω : 

T =
2π

2
= πsec 

27. (a) To determine the power generated by the turbine, we need to consider the input energy, losses due to friction, 

and the rate at which water falls. 

The potential energy of the falling water can be calculated using the formula: 

P. E = mgh 
where: 

•m is the mass of the water per second (20 kg s−1) 
• g is the acceleration due to gravity (9.8 m s−2) 
• h is the height from which the water falls (80 m) 
Substituting the values, the potential energy per second is: 

P. E = 20 kg s−1 × 9.8 m s−2 × 80 m 

P. E = 15680 J/s 
This is the input energy per second, which is also the power input. However, because 20% of the input energy is 

lost due to frictional forces, only 80% of the input energy is effectively used by the turbine. Therefore, the power 

generated by the turbine P is: 

P = 15680 × 0.80 

P = 12544 W 

P = 12.544 kW 
Thus, the power generated by the turbine is approximately: 

28. (a) To find the magnitude of the angular momentum of the electron, we can use the formula for the angular 

momentum of a particle moving in a circular orbit: 

L = mvr 
where: 

•m is the mass of the electron, 9.1 × 10−31 kg 
•v is the speed of the electron, 2.2 × 106 ms−1 

• r is the radius of the orbit, 0.529 × 10−10 m 

Now, let's substitute these values into the formula: 

L = 9.1 × 10−31 kg × 2.2 × 106 ms−1 × 0.529 × 10−10 m 

First, we will calculate the product: 2.2 × 106 × 0.529 × 10−10 

2.2 × 0.529 = 1.1638 
Combining the exponents of 10 : 

106 × 10−10 = 10−4 
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So the product is: 

1.1638 × 10−4 
Now calculate: 

9.1 × 10−31 kg × 1.1638 × 10−4 
Calculating the product of the coefficients: 9.1 × 1.1638 

9.1 × 1.1638 = 10.57758 
Combining this with the exponent of 10 : 

10.57758 × 10−31 × 10−4 = 10.57758 × 10−35 
We express this final value in scientific notation: 

1.057758 × 10−34Kgm2 s−1 
Rounding this to three significant figures: 

1.06 × 10−34Kgm2 s−1 
29. (c)  To determine the nuclear radius of ⁡125Fe, we need to use the relationship between nuclear radius and mass 

number. The nuclear radius (R) of a nucleus is given by the empirical formula: 

R = R0A
1/3 

where: 

R0 is the proportionality constant (approximately 1.2-1.3 fermi) and A is the mass number (number of nucleons). 

Given the nuclear radius of ⁡27Al (Aluminium-27) is 3.6 fermi, we can use this to find R0 : 

R22Al = R0 ⋅ 27
1/3 

We know: 

R27Al = 3.6 fermi  

Therefore: 

3.6 = R0 ⋅ 27
1/3 

R0 =
3.6

271/3
 

We can solve for R0 : 

271/3 = 3 

R0 =
3.6

3
= 1.2 fermi 

Now, using this R0, we find the radius of ⁡125Fe (Iron-125): 

R125Fe = R0 ⋅ 125
1/3 

Substitute R0 : 

R125Fe = 1.2 ⋅ 125
1/3 

We need to find 1251/3 : 

1251/3 = 5 
Therefore: 

R125Fe = 1.2 ⋅ 5 = 6fermi 
Converting fermi to meters (since 1 fermi = 10−15 meters): 

6 fermi = 6 × 10−15 meters 

30. (b) In an inductive circuit, the inductor opposes changes in current. When an AC voltage is applied, the inductor 

resists the flow of current initially. As the current starts to increase, the inductor builds up a magnetic field around 

itself, storing energy. This magnetic field opposes the change in current, causing the current to lag behind the 

voltage. 

The relationship between voltage and current in an inductive circuit can be represented by a phase angle ( 𝜑 ), 

where: 

𝜑 = 90∘ 
This means that the voltage leads the current by 90 degrees. This phase difference is a fundamental characteristic 

of inductive circuits. 

Let's look at the other options: 

Option (a): voltage and current are in the same phase. This is incorrect because, as explained above, the voltage 

leads the current in an inductive circuit. 

Option (c): the phase between voltage and current depends upon the value of inductance. While the inductance 

value does influence the magnitude of the impedance and the amount of current, it doesn't change the fundamental 

phase relationship. The voltage will always lead the current by 90 degrees in an ideal inductor. 
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Option (d): voltage lags behind current in phase. This is incorrect. The voltage leads the current in an inductive 

circuit. 

In summary, in an inductive circuit, the voltage leads the current by 90 degrees due to the inductor's property of 

opposing changes in current. 

31. (b) To determine the additional kinetic energy required for a satellite to just escape into outer space, we need to 

understand the relationship between kinetic energy and gravitational potential energy in a circular orbit. 

The total energy (E) of a satellite in a stable circular orbit around the Earth is given by: 

E =
1

2
mv2 −

GMm

r
= −

GMm

2r
 

Where: 

•m is the mass of the satellite 

•v is the orbital velocity of the satellite 

•G is the gravitational constant 

•M is the mass of the Earth 

• r is the radius of the orbit of the satellite 

The kinetic energy (KE) of the satellite in orbit is: 

KE =
1

2
mv2 

For a satellite in a stable circular orbit, the kinetic energy is half of the magnitude of the gravitational potential 

energy, i.e. 

KE =
GMm

2r
 

We know the satellite's kinetic energy is 1.69 × 1010 J. 
The total energy (E) will thus be: 

E = −KE 
E = −1.69 × 1010 J 
To just escape from Earth's gravity, the total energy should be zero because the satellite would have kinetic energy 

equal to the gravitational potential energy (but positive because it escapes the gravitational pull). Therefore, the 

additional kinetic energy required, ΔKE, should be equal to the magnitude of the total energy: 

ΔKE = 1.69 × 1010 J 
Thus, the required additional kinetic energy for the satellite to escape into outer space is: 

32. (d) To solve this problem, we'll use the relationship between tangential acceleration, centripetal acceleration, and 

the net acceleration of an object moving in a circular path. 

The given details are: 

Radius of the circular path, r = 5 m 

Tangential acceleration, at = 10 m/s2 
Angle between net acceleration and centripetal acceleration, θ = 30∘ 
First, let's denote the centripetal acceleration as ac and the net acceleration as anet - 
We know that the net acceleration is the vector sum of the centripetal acceleration and the tangential acceleration. 

Since the angle between the net acceleration and the centripetal acceleration is given as 30∘, we can use 

trigonometric relationships to solve for the centripetal acceleration. 

From the definition of net acceleration, we can establish: 

anet = √ac
2 + at

2 

Given that: 

cosθ =
ac
anet

 

Substituting the values we get: 

cos30∘ =
aε

√ac
2 + at

2
 

Knowing cos30∘ =
√3

2
, we substitute it into the equation: 

√3

2
=

ac

√ac
2 + (10 m/s2)2

 

Rearranging and squaring both sides, we get: 
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(
√3

2
)

2

=
ac
2

ac
2 + 100

 

This simplifies to: 

3

4
=

ac
2

ac
2 + 100

 

Cross-multiplying gives: 

3(ac
2 + 100) = 4ac

2 

3ac
2 + 300 = 4ac

2 

300 = ac
2 

ac = √300 = 10√3 m/s2 
Now, identifying that centripetal acceleration is given by: 

ac =
v2

r
 

Substituting values, we have: 

10√3 =
v2

5
 

Solving for v gives: 

10√3 × 5 = v2 

v2 = 50√3 

v = √50√3 

Converting and simplifying: 

v = (√50)(√3
4
) 

v = 7.07 ⋅ 1.32 = 9.3 

Thus, the instantaneous speed is 9.3 m/s. 
33. (b) To determine the potential of the bigger drop formed by the combination of 216 smaller drops, we need to 

consider the following principles of electrostatics and geometry: 

(1) Volume Conservation: The total volume of the bigger drop will be equal to the sum of the volumes of the 216 

smaller drops. If each smaller drop has a radius r, then the volume of one small drop is: 

Vsmall =
4

3
πr3 

Since there are 216 such drops, the total volume becomes: 

Vtotal = 216 ×
4

3
πr3 

Let R be the radius of the bigger drop. The volume of the bigger drop is: 

Vbig =
4

3
πR3 

By volume conservation, we have: 
4

3
πR3 = 216 ×

4

3
πr3 

or, 

R3 = 216r3 
Therefore, 

R = 6r 
(2) Charge Conservation: The total charge on the bigger drop will be the sum of the charges on all the smaller 

drops. If each smaller drop has a potential of 200 V and radius r, then its charge q can be given by: 

Vsmall =
kq

r
 

Given Vsmall = 200 V, we get: 

q =
200r

k
 

For 216 such drops, the total charge Qtotal  is: 

Qtotal = 216 ×
200r

k
=
43200r

k
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(3) Potential of the Bigger Drop: The potential of the bigger drop can be calculated using its charge and radius. 

The formula for the potential of a spherical drop is: 

Vbig =
kQtotal
R

 

Substitute the values: 

Vbig =
k
43200r
k
6r

=
43200r

6r
= 7200 V 

Thus, the potential of the bigger drop is 7200 V . 

34. (b) where: 

• n = number density of charge carriers 

• τ = relaxation time 

As temperature increases: 

•Number of electron-hole pairs increases rapidly = n increases greatly. 

•Relaxation time decreases due to increased lattice vibrations. 

The increase in n is much larger than the decrease in τ, so overall conductivity increases. 

35. (d) Circuit Analysis 

By observing the connections in the diagram: 

•Points 2 and 3 are directly connected by a wire, meaning they form a single electrical node: Node (2,3). 
•Points 4 and 5 are directly connected by a wire, meaning they form a single electrical node: Node (4,5). 
•The two horizontal resistors are connected in parallel between Node (2,3) and Node (4,5). Their equivalent 

resistance is: 

Rparallel =
R × R

R + R
= 0.5R 

36. (a)(1) Find the Reading of Voltmeter V3 

In a series LCR alternating current (AC) circuit, the relation between the total source voltage ( V ) and the voltages 

across individual components is: 

V = √VR
2 + (VL − VC)

2 

From the given circuit diagram: 

•Source Voltage, V = 220 V 

•Voltage across Inductor, VL = V1 = 100 V 

•Voltage across Capacitor, VC = V2 = 100 V 

Substitute these values into the formula: 

220 = √VR
2 + (100 − 100)2 

220 = √VR
2 

VR = 220 V 

(2)Find the Reading of Ammeter A 

The current flowing through a series circuit is the same everywhere and depends directly on the resistor at 

resonance: 

I =
VR
R

 

Given Resistance, R = 110Ω : 

I =
220 V

110Ω
= 2 A 

37. (c) Let's break down the units and their relationships: 

•Joule (J): The unit of energy. Energy is the capacity to do work. 

•Second (s): The unit of time. 

•Angular Momentum (L): A measure of an object's rotational inertia. It's calculated as the product of the object's 

moment of inertia (I) and its angular velocity (ω): 

L = Iω 
Now, let's look at the units involved in angular momentum: 

•Moment of Inertia (I): Measured in kilogram-meter squared ( kg ⋅ m2 ) 

•Angular Velocity ( ω ): Measured in radians per second ( rad/s ) 
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Combining these, the units of angular momentum are: 

L = Iω = (kg ⋅  m2)(rad/s) = kg ⋅  m2/s 
Since radians are dimensionless, we can simplify this to  kg ⋅ m2/s. Notice that this is equivalent to Joule-second 

(J ⋅ s). 
Therefore, Joule-second ( J ⋅ s ) is the unit of angular momentum. 

Let's address why the other options are incorrect: 

•Option (a): Energy - Energy is measured in Joules (J), not Joule-seconds (J.s). 

•Option (b): Power - Power is the rate at which energy is transferred, measured in Watts (W), which is equivalent 

to Joules per second (J/s). 

•Option (d): Linear momentum - Linear momentum is a measure of an object's mass in motion. It's calculated as 

the product of the object's mass ( m ) and its velocity ( v ): 

p = mv 
Linear momentum is measured in kilogram-meters per second ( kg ⋅ m/s ). 

38. (c) To understand why the biconvex lens of glass with a refractive index of 1.5 behaves like a plane sheet of paper 

when dipped in a liquid, we must consider the behavior of light as it passes through different mediums and the 

concept of the refractive index. 

The refractive index (or index of refraction) of a material determines how much the speed of light is reduced 

inside the material. When light moves from one medium to another, it bends at the interface between the two 

materials. This phenomenon is described by Snell's law: 

n1sin(θ1) = n2sin(θ2) 
where: 

n1(n_1) is the refractive index of the first medium, 

n2 (n_2) is the refractive index of the second medium, 

θ1(θ_1) is the angle of incidence, and 

θ2(θ_2) is the angle of refraction. 

When the refractive index of the liquid is equal to that of the glass ( 1.5 in this case), the lens will not bend the 

light rays as they pass from the glass to the liquid. Therefore, the lens will no longer converge or diverge light; it 

will act as though it were a plane sheet of glass with no curvature. 

Thus, for the biconvex lens to behave as a plane sheet of paper, the refractive index of the liquid must be equal to 

that of the glass.  

39. (b) The latent heat of vaporisation, also known as the enthalpy of vaporisation, reflects the energy required to 

transform a substance from a liquid phase to a gas phase without changing its temperature. According to the first 

law of thermodynamics, the change in internal energy ( ΔU ) during the process of vaporisation can be calculated 

using the formula: 

ΔU = Q −W 
Where: 

•Q is the heat added (latent heat of vaporisation) 

•W is the work done in the process 

In this scenario: 

•The latent heat of vaporisation (Q) is 2240 J . 

•The work done ( W ) is 168 J . 

Substituting these values into the equation, we get: 

ΔU = 2240 J − 168 J 
Therefore, 

ΔU = 2072 J 
Hence, the increase in internal energy is: 

40. (a) To find the velocity of the particle of mass 2 mg that has the same wavelength as a neutron moving with a 

velocity of 3 × 105 ms−1, we can use the de Broglie wavelength formula: 

λ =
h

mv
 

Where: 

λ is the wavelength 

h is Planck's constant (approximately 6.626 × 10−34Js ) 
m is the mass of the particle 

v is the velocity of the particle 
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First, let's find the wavelength of the neutron. The mass of the neutron is given as 1.67 × 10−27Kg and its velocity 

is 3 × 105 ms−1. 

λ =
h

mneutron ⋅ vneutron 

 

Plugging in the values: 

λ =
6.626 × 10−34

1.67 × 10−27 ⋅ 3 × 105
 

Let's calculate this: 

λ =
6.626 × 10−34

5.01 × 10−22
 

λ = 1.322 × 10−12 m 
Since the particle of mass 2 mg has the same wavelength, we can use this value to find its velocity. The mass of 

the particle is: 

mparticle = 2mg = 2 × 10
−3 g = 2 × 10−6Kg 

Now, using the de Broglie formula again: 

vparticle =
h

λ ⋅ mparticle 

 

Plugging in the values: 

vparticle =
6.626 × 10−34

1.322 × 10−12 ⋅ 2 × 10−6
 

Let's calculate this: 

vparticle =
6.626 × 10−34

2.644 × 10−18
 

vparticle = 2.507 × 10
−16 ms−1 

Thus, the velocity of the particle is approximately 2.5 × 10−16 ms−1, which corresponds to option (a). 

41. (c) In a double-slit interference pattern, the position of the dark lines (or fringes) on the screen is given by the 

condition for destructive interference. This can be described using the formula: 

y =
(m+

1
2) λD

d
 

Here: 

-y is the position of the dark fringe on the screen. 

-m is an integer representing the order of the dark fringe (0,1,2, … ). 
−λ is the wavelength of the monochromatic light. 

-D is the distance between the screen and the slits. 

−d is the separation between the two slits. 

The separation between the adjacent dark fringes (dark lines) is given by the distance Δy between two consecutive 

dark fringes: 

Δy =
λD

d
 

From the above equation, we can see that Δy (the separation between the dark lines) will increase if: 

(1)We increase the wavelength λ of the light. 

(2)We increase the distance D between the screen and the slits. 

(3)We decrease the slit separation d. 

Now, considering the options provided: 

Option (a): Decreasing the distance between the screen and the slits would decrease Δy, thus the separation 

between the dark lines would decrease. 

Option (b): Increasing the distance between the slits would decrease Δy, thus the separation between the dark lines 

would decrease. 

Option (c): Using monochromatic light of a longer wavelength will increase Δy, thus the separation between the 

dark lines would increase. 

Option (d): Using monochromatic light of higher frequency will decrease the wavelength, because wavelength and 

frequency are inversely proportional to each other. This would decrease Δy, thus the separation between the dark 

lines would decrease. 

42. (d) (1) Find Electric Field Magnitudes (E =
kg

r2
) : 
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 •EA = EB =
9×109×4×10−9

(0.06)2
= 10,000NC−1 

•EC =
9×109×2×10−9

(0.06)2
= 5,000NC−1 

(2) Combine Fields Along Axis OC: 

•From A and B : Their components add along the axis away from C : 

10,000cos⁡(60∘) + 10,000cos⁡(60∘) = 10,000NC−1 
•From C: Negative charge attracts, pointing towards C: 

5,000NC−1 
(3) Net Field: 

•Subtract opposite directions: 

10,000 − 5,000 = 5,000NC−1 

43. (d) To convert a voltmeter of resistance 1000Ω with a sensitivity of 0.5 V/ div into a voltmeter with a sensitivity 

of 1 V/ div , we need to connect an additional high resistance in series with the voltmeter. 

The original voltmeter reads 0.5 V/ div which means for every 0.5 V , the internal resistance is 1000Ω. To make 

it read 1 V/ div , we effectively need to double the voltage range it can measure for the same current passing 

through the meter. 

Let the required high resistance to be connected in series be Rs. The total resistance of the voltmeter circuit for 

1 V/div would then be given by: 

Rtotal = Rv + Rs 
Given the original voltmeter resistance ( Rv ) is 1000Ω and considering we need to double the effective voltage 

being measured, the total resistance should also be doubled: 

Rtotal = 2 × Rv 

Substituting Rv : 

2 × 1000Ω = 2000Ω 
This gives the equation: 

Rtotal = 1000Ω + Rs = 2000Ω 

Solving for Rs : 
Rs = 2000Ω − 1000Ω = 1000Ω 
Thus, the value of the high resistance to be connected in series with it is: 

44. (b) By analyzing the standard frequencies of the electromagnetic spectrum: 

•(A) Radiowaves: Have the lowest frequency range, typically between 104 Hz to 108 Hz. 

→ (R) 

•(B) Microwaves: Have higher frequencies than radiowaves, ranging from 109 Hz to 1012 Hz 
→ (S) 
•(C) Infrared waves: Have frequencies higher than microwaves, ranging up to the visible spectrum ( 1011 Hz to 

5 × 1014 Hz ). (Note: The label " (P)′′ in the second row of Column II is a misprint for (Q)). 

→ (Q) 
•(D) X-rays: High-energy waves with very high frequencies, typically 1018 Hz to 1020 Hz. 

→ (P) 

•(A)→(R)(B)→(S)(C) → (Q)(D)→(P) 

45. (c) The angular width of the central maximum in the single-slit diffraction pattern is given by: 

sinθ =
λ

a
 

where λ is the wavelength of light, and a is the width of the slit. Since the angle is small, we can approximate 

sin θ = θ. 

Therefore, the angular width of the central maximum is: 

θ =
λ

a
=
800 × 10−9 m

0.020 × 10−3 m
= 0.04rad. 

Now, in Young's double-slit experiment, the angular position of the nth bright fringe is given by: 

sinθn = n
λ

d
 

where d is the slit separation. Again, for small angles, we can approximate sin⁡θn ≈ θn. 

The total angular spread of the central maximum in the single-slit diffraction pattern is 2θ. To find the number of 

fringes of Young's double-slit experiment that can be accommodated within this spread, we need to find the 

maximum value of n such that θn ≤ θ. 
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Therefore, we have: 

n
λ

d
≤
λ

a
 

n ≤
d

a
=
0.20 × 10−3 m

0.020 × 10−3 m
= 10 

Since the central maximum itself is counted as one fringe, the total number of fringes that can be accommodated 

within the central maximum is 2n + 1 = 21. 

46. (a) To find the ratio 
n1

n2
 of moles of hydrogen to helium, we need to use the formula for the internal energy of an 

ideal gas. For a gas, internal energy (U) is given by: 

U =
f

2
nRT 

where: 

•f is the degrees of freedom 

•n is the number of moles 

•R is the universal gas constant 

• T is the temperature 

For diatomic hydrogen (H2), the degrees of freedom at room temperature are 5 ( 3 translational +2 rotational), so 

the internal energy is: 

UH2 =
5

2
n1RT 

For monatomic helium (He), the degrees of freedom are 3 (all translational), so the internal energy is: 

UHe =
3

2
n2R ⋅ 2T = 3n2RT 

We are given that the internal energy of n1 moles of hydrogen at temperature T is equal to the internal energy of 

n2 moles of helium at temperature 2T. Therefore, we set the internal energies equal to each other: 
5

2
n1RT = 3n2RT 

We can cancel R and T from both sides of the equation: 
5

2
n1 = 3n2 

Solving for the ratio 
n1

n2
, we multiply both sides by 2 : 

5n1 = 6n2 
Dividing both sides by 6 : 
n1
n2
=
6

5
 

47. (b) In many multiple-choice physics questions, when a graph shows a perfectly round curve, the problem designer 

treats it geometrically as a standard unit semicircle based solely on the time axis: 

(1) The base of the loop spans from t = 0 to t = 2 s, making the diameter d = 2 s. 
(2) Therefore, the radius is taken as r = 1. 

(3) Using the standard geometric formula for the area of a semicircle: 

 Area =
1

2
πr2 =

1

2
π(1)2 =

π

2
 N − s 

48. (d) To find the distance between the first dark fringes on either side of the central bright fringe in a single-slit 

diffraction pattern, we need to use the formula for the position of the dark fringes. The position of the first dark 

fringe is given by: 

y =
mλL

a
 

where: 

m is the order of the dark fringe ( m = 1 for the first dark fringe) 

λ is the wavelength of the light 

L is the distance from the slit to the screen 

a is the width of the slit 

Given: 

λ = 800 nm = 800 × 10−9 m 
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L = 1.5 m 

a = 0.5 mm = 0.5 × 10−3 m 

For the first dark fringe ( m = 1 ): 

y1 =
1 × 800 × 10−9 m× 1.5 m

0.5 × 10−3 m
 

Simplifying: 

y1 =
800 × 1.5 × 10−9+3

0.5
 m 

y1 =
1200 × 10−6

0.5
 m 

y1 =
1200 × 10−6

0.5
 m 

y1 = 2400 × 10
−6 m 

y1 = 2.4 mm 
This is the distance from the central bright fringe to the first dark fringe on one side. Therefore, the total distanc 

between the first dark fringes on either side of the central bright fringe is: 

2 × 2.4 mm = 4.8 mm 
49. (d) To find the potential difference per turn in the transformer, we need to understand the primary and secondary 

voltage relationship. Given that the transformer has a high efficiency, we will assume it's ideal for simplicity. 

The transformer formula relating the number of turns and the voltage in primary and secondary windings is given 

by: 
Vp

Vs
=
Np

Ns
 

Where: 

•Vp is the primary voltage 

•Vs is the secondary voltage 

•Np is the number of turns in the primary winding 

•Ns is the number of turns in the secondary winding 

Given: 

•Vp = 220 V 

•Np = 200 

• Ns = 40000 

We need to find Vs, the secondary voltage. Rearrange the formula to solve for Vs : 

Vs = Vp ×
Ns
Np

 

Substitute the given values: 

Vs = 220 V ×
40000

200
 

Calculate Vs : 
Vs = 220 V × 200 = 44000 V 
Now, we need to find the potential difference per turn. For an ideal transformer, this is the same for both primary 

and secondary because the voltage per turn is consistent in an ideal transformer. We can use the primary coil to 

find this: 

Potential difference per turn (in primary) is:
Vp

Np
 

Substitute the values for Vp and Np : 

220 V

200 turns 
= 1.1 V per turn  

Therefore, the potential difference per turn is: 

50. (b) According to Newton's Third Law of Motion, for every action, there is an equal and opposite reaction. This 

can be stated mathematically as: 

F⃗ action = −F⃗ reaction  
Here, the action force and the reaction force are equal in magnitude but opposite in direction. However, the crucial 

detail is that these forces act on different bodies. This means that they do not cancel each other out since they do 
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not act on the same object. As a result, the forces create effects on their respective objects rather than balancing 

each other out. 

Let's consider an example to illustrate this concept. Imagine you push against a wall with a force of 50 N . 

According to Newton's Third Law, the wall pushes back against you with an equal and opposite force of 50 N . 

While these forces are equal in magnitude and opposite in direction, the action force is exerted on the wall, and the 

reaction force is exerted on you. Hence, they act on different bodies and do not cancel each other out. 

This clearly demonstrates why action and reaction forces can never balance out despite being equal and opposite. 

The key point is that they act on different objects, causing them to produce effects on those objects independently. 

51. (d) The self-inductance of the coil can be determined using the formula for the induced emf in a coil due to a 

changing current. The formula is given by: 

ℰ = −L
dI

dt
 

Where: 

•ℰ is the induced emf 

• L is the self-inductance of the coil 

•
dI

dt
 is the rate of change of current 

We are given the following values: 

ℰ = 2μ V = 2 × 10−6 V 

Initial current, I1 = 3 A 

Final current, I2 = 5 A 

Time interval, Δt = 0.2 s 
The rate of change of current can be calculated as: 
dI

dt
=
I2 − I1
Δt

=
5 A − 3 A

0.2 s
=
2 A

0.2 s
= 10 A/s 

Now, using the formula for induced emf: 

2 × 10−6 V = L × 10 A/s 
Solving for L : 

L =
2 × 10−6 V

10Å/s
 

L = 2 × 10−7H 

L = 0.2μH 

Therefore, the self-inductance of the coil is 0.2μH. 

52. (c) Circuit Analysis 

(1) Positive Half-Cycle ( Vin > 0 ) 

•The upper terminal becomes positive relative to the lower terminal. 

•The diode is forward-biased (short circuit). 

•The current flows through the resistor and the diode. 

•Since the diode acts as a closed switch, the voltage across the output terminals is Vout  =0. 

(2) Negative Half-Cycle (Vin < 0) 
•The upper terminal becomes negative relative to the lower terminal. 

•The diode is reverse-biased (open circuit). 

•No current flows through the resistor R, resulting in zero voltage drop across it. 

•The output voltage follows the input voltage: Vout = Vin . 

53. (d) For a paramagnetic material, the magnetic susceptibility χ depends on the absolute temperature T according to 

Curie's law. Curie's law states that the magnetic susceptibility is inversely proportional to the absolute 

temperature. Mathematically, this relationship can be expressed as: 

χ ∝
1

T
 

54. (c) Step (1): Write down the expression for magnetic flux The magnetic flux linked with the coil is given by: 

ϕ(t) = 3t2 + 4t + 9 

Step (2): Differentiate the magnetic flux with respect to time To find the induced emf(ℰ ), we need to differentiate 

the magnetic flux with respect to time t : 

ℰ = −
dϕ

dt
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Calculating the derivative: 
dϕ

dt
=
d

dt
(3t2 + 4t + 9) 

Using the power rule of differentiation: 
dϕ

dt
= 6t + 4 

Step (3): Substitute t = 2 seconds into the derivative Now, we will substitute t = 2 seconds into the expression we 

found for 
dϕ

dt
 : 

dϕ

dt
|
t=2
= 6(2) + 4 

Calculating this gives: 
dϕ

dt
|
t=2
= 12 + 4 = 16 

Step (4): Calculate the induced emf Now, substituting into the expression for induced emf: 

ℰ = −
dϕ

dt
= −16volts 

However, since we are interested in the magnitude of the induced emf, we take the absolute value: 

ℰ = 16 volts  
55. (c) To solve this problem, we need to determine the amount of heat required to raise the temperature of the 

hydrogen gas in the cylinder by 20∘C. We'll start by using the given data and applying the necessary equations 

from thermodynamics. Let's break down the steps: 

(1) Calculate the number of moles of hydrogen gas (H2) at STP: 

At STP (Standard Temperature and Pressure), the volume of one mole of an ideal gas is 22.4 liters. Given the 

cylinder has a fixed capacity of 44.81 liters, we can find the number of moles, n : 

n =
 Volume of gas 

 Volume of one mole at STP 
=

44.81 L

22.4 L/mol
= 2 mol 

(2) Use the specific heat capacity at constant volume ( Ct ): 

For hydrogen gas (H2), which is diatomic, the molar heat capacity at constant volume CV is: CV =
5

2
R 

where R = 8.31 J mol−1 K−1. So: 

CV =
5

2
× 8.31 J mol−1 K−1 = 20.775 J mol−1 K−1 

(3) Calculate the heat required: 

The heat required Q to raise the temperature of the gas by ΔT = 20∘C (which is the same in Kelvin) is given by 

the formula: 

Q = n ⋅ CV ⋅ ΔT 
Plugging in the values: 

Q = 2 mol × 20.775 J mol−1 K−1 × 20 K = 831 J 
Thus, the amount of heat needed to raise the temperature of the hydrogen gas in the cylinder by 20∘C is 831 J. 

56. (d) To determine how a hollow prism filled with water will affect the deviation of incident rays when placed in 

air, we need to consider the principles of refraction and the geometry of the prism. 

When light passes through a prism, it undergoes refraction, which is the bending of light due to a change in speed 

as it moves from one medium to another. For a given material, the amount of bending depends on the refractive 

index of the material and the angle at which the light enters the material. 

A hollow prism filled with water has its faces made of a material with a refractive index different from water. 

When the prism is placed in air, the light will encounter two refractions: once when it enters from air into water 

and once when it exits from water into air. The bending effect is determined by the difference in refractive indices 

between air and water. 

Typically, the refractive index of water is higher than that of air (water's refractive index is about 1.33 , while air's 

is approximately 1.00 ). This means that when light enters the water from air, it bends towards the normal, and 

when it exits back into the air, it bends away from the normal. The overall path of the incident light through the 

prism will result in a deviation towards the base of the prism. 

Thus, based on the principles of refraction and the prism's geometry. 

57. (a) For a pipe closed at one end, the fundamental frequency is given by: 
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 f1 =
v

4L
 

where: 

•f1 is the fundamental frequency 

•v is the speed of sound 

•L is the length of the pipe 

The possible frequencies for a pipe closed at one end are odd multiples of the fundamental frequency: 

fn = (2n − 1)f1 = (2n − 1)
v

4L
 

where n is an integer (1,2,3,… ). 
We need to find the number of possible frequencies below 1250 Hz . Let's plug in the given values and solve for n 

: 

1250 Hz ≥ (2n − 1)
340 ms−1

4(0.85 m)
 

Simplifying the inequality: 

1250 Hz ≥ (2n − 1)100 Hz 
12.5 ≥ 2n − 1 

13.5 ≥ 2n 

n ≤ 6.75 

Since n must be an integer, the maximum value of n is 6 . This means there are 6 possible frequencies below 1250 

Hz . 

58. (d) •Left Side: The 15μ F and 5μ F capacitors are in parallel, combining to 20μ F. 

•Right Side: The two 10μ F capacitors are in parallel, combining to 20μ F. 

•Voltage Split: These two equal groups ( 20μ F and 20μ F ) are in series across the 20 V battery. Therefore, the 

voltage splits equally, giving 10 V across each group. 

•Charge: The voltage across each individual 10μ F capacitor is 10 V . 

Q = C × V = 10μ F × 10 V = 100μC = 1 × 10−4C 

59. (a) Capillary rise, h =
2Tcosθ

rρg
 

For given value of T and r, 

h ∝
cosθ

ρ
 

Also, h1 = h2 = h3 

or 
cosθ1

ρ1
=
cosθ2

ρ2
=
cosθ3

ρ3
 

Since, ρ1 > ρ2 > ρ3, 

so cosθ1 > cosθ2 > cosθ3 

For 0 ≤ θ <
π

2
, θ1 < θ2 < θ3 

Hence, 0 ≤ θ1 < θ2 < θ3 <
π

2
 

60. (d) The height of the potential barrier in a p-n junction diode changes depending on the biasing conditions: 

•Unbiased Diode (Graph A): This represents the standard, built-in barrier potential height (V0) when no external 

voltage is applied. 

•Reverse Biased Diode (Graph B): The external voltage acts in the same direction as the built-in potential, 

increasing the total height of the potential barrier ( V0 + VR ). 

•Forward Biased Diode (Graph C): The external voltage opposes the built-in potential, decreasing the total height 

of the potential barrier ( V0 − VF ). 

Conclusion 

Matching these points to the columns in the table: 

•(A) → unbiased diode 

•(B) → Reverse biased 

•(C) → Forward biased 

This directly matches column (1), which is given in option (d). 

CHEMISTRY 
61. (a) Let us examine each of the given statements regarding the chemical properties of Glucose. 

Statement(A): It reacts with Br2(aq) to form Saccharic acid. 
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This statement is incorrect. Glucose reacts with bromine water to form Gluconic acid, not Saccharic acid. 

Saccharic acid is formed by the oxidation of glucose with a stronger oxidizing agent like nitric acid. 

Statement(B): Reacts with Acetic anhydride to form Glucose tetraacetate. 

This statement is incorrect. When Glucose reacts with Acetic anhydride, it forms Glucose pentaacetate because 

glucose has five hydroxyl groups (-OH) available for acetylation. 

Statement(C): Reacts with Hydroxylamine to give Glucose oxime. 

This statement is correct. Glucose reacts with hydroxylamine to form an oxime as the hydroxylamine reacts with 

the aldehyde group present in the glucose. 

Statement(D): It reacts with ammoniacal AgNO3 to form ammonium salt of Gluconic acid with deposition of 

silver. 

This statement is correct. When glucose is treated with ammoniacal silver nitrate (Tollens' reagent), it reduces the 

silver nitrate to metallic silver while getting oxidized to gluconic acid, which forms its ammonium salt in the 

solution. 

62. (a) Reaction: 

H2 + I2 ⇌ 2HI 

Kc =
[HI]2

[H2][I2]
= 49 

Initially only HI is present. Let x mol each of H2 and I2 be formed at equilibrium. 

2HI ⇌ H2 + I2 

Given equilibrium HI = 0.7 mol. 
So initial HI = 0.7 + 2x. 
At equilibrium: 

[H2] = x, [I2] = x, [HI] = 0.7 

Using Kc : 

49 =
(0.7)2

x2
 

x2 =
0.49

49
= 0.01 

x = 0.1 
Thus, 

[H2] = [I2] = 0.1 
0.1195 

63. (c) The reaction with CHCl3 + alcoholic KOH is the carbylamine test, which is given only by primary amines ( 1∘ 

amines). 

(a)2-Methylpropan-1-amine → 1∘ amine, but not optically active. 

(b)Butan-1-amine → 1∘ amine, but not optically active. 

(c)Butan-2-amine → 1∘ amine and has a chiral carbon (attached to CH3, C2H5, NH2, H ), so it is optically active. 

(d)N-Methylpropan-1-amine → 20 amine, does not give carbylamine test. 

64. (d) Given: 

• [A] = C3H6 → likely propene (CH3 − CH = CH2) 
Propene +Br2/CCl4 → [ B] = 1,2-dibromopropane 

CH3CH = CH2
Br2/COL4⁡
→       CH3CHBrCH2Br 

•[B] +2 mol alcoholic KOH → double dehydrohalogenation → [C] = propyne 

CH3CHBrCH2Br
2KOH⁡
→    CH3C ≡ CH 

•3 moles of propyne passed through a red-hot iron tube undergo cyclotrimerization: 

3CH3C ≡ CH → C6H3(CH3)3 
This product is 1,3,5-trimethylbenzene (mesitylene). 

65. (d) Reaction sequence: 

(1) Sodium salicylate +NaOH/CaO (soda lime) → Phenol (B)  

(decarboxylation removes -COONa) 

(2) Phenol +NaOH → Sodium phenoxide (C) 

(3) Sodium phenoxide + allyl bromide → Allyl phenyl ether (D) 

(Williamson ether synthesis) 

C6H5ONa + CH2 = CHCH2Br → C6H5OCH2CH = CH2 + NaBr 
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C6H5 −O − CH2 − CH = CH2 

66. (a) To determine the ratio between the new rate and the original rate of the reaction given the changes in 

concentrations of X and Y, we need to start by writing the rate law for the reaction: 

Rate = k[X]m[Y]n 

where: 

• k is the rate constant 

• [X] is the concentration of X 

• [Y] is the concentration of Y 

•m is the order of the reaction with respect to X 

•n is the order of the reaction with respect to Y 

Let the initial concentrations of X and Y be [X] and [Y] respectively. The initial rate of reaction is: 

Initial Rate = k[X]m[Y]n 

Now, the concentration of X is tripled and the concentration of Y is decreased to one-third, so the new 

concentrations are 3[X] and 
1

3
[Y] respectively. 

The new rate of the reaction is: 

New Rate = k(3[X])m (
1

3
[Y])

n
 

Simplifying this expression: 

New Rate = k ⋅ 3m([X])m ⋅ (
1

3
)
n
([Y])n 

New Rate = k ⋅ 3m ⋅ [X]m ⋅
1

3n
⋅ [Y]n 

New Rate = k ⋅ [X]m ⋅ [Y]n ⋅
3m

3n
 

New Rate = Initial Rate ⋅
3m

3n
 

New Rate = Initial Rate ⋅ 3(m−n) 
Thus, the ratio between the new rate and the original rate of the reaction is: 
 New Rate 

 Initial Rate 
= 3(m−n) 

67. (a) Use Henry's law: 

p = KHx 
For a graph of partial pressure (p) vs mole fraction (x), the slope = KH. 

From the graph, the slopes are: 

S > P > R > Q 

Therefore, the decreasing order of KH values is: 

S > P > R > Q 

68. (a)(1) Toluene +Cl2/ sunlight → side-chain chlorination occurs: 

C6H5CH3 → C6H5CHCl2 
(benzal chloride) 

(2) Hydrolysis with H2O at 373 K : 

C6H5CHCl2 → C6H5CHO 
(benzaldehyde) 

(3) Benzaldehyde + acetophenone in OH−(293 K) undergoes Claisen-Schmidt condensation to give chalcone: 

C6H5COCHH3 + C6H5CHO → C6H5COCH = CHC6H5 
which is 1,3-diphenylprop-2-en-1-one. 

69. (a) Check each statement: 

(A) Phenol has lower pKa than p-cresol → True 

p-Cresol has an electron-donating −CH3 group, which decreases acidity, so its pKa is higher. 

(B) 2-Chlorophenol is more acidic than phenol → True 

The -I effect of Cl increases acidity. 

(C) Ortho and para nitrophenols can be separated by steam distillation since p-nitrophenol is more steam volatile 

than o-nitrophenol → False 

Actually, o-nitrophenol forms intramolecular H -bonding, making it less associated and more steam volatile. 

Hence separation is possible because o-nitrophenol, not p-nitrophenol, distils with steam. 

(D) Phenol on oxidation with Cr2O7
2−/H+gives a conjugated diketone ( p-benzoquinone) → True. 

70. (d) Hinsberg's test: 
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•1∘ amines → react to form sulphonamides. 

• 2∘ amines → react differently. 

• 3∘ amines → do not react with benzenesulphonyl chloride. 

Now check each reaction: 

(A)Benzamide +LiAlH4 → Benzylamine (C6H5CH2NH2) → 1
∘ amine 

(B)p-Nitrobenzonitrile +Na /liquid ethanol → nitro group reduced to −NH2, nitrile remains → p 

aminobenzonitrile →∘ amine 

(C)Methyl-substituted benzonitrile +H2/Ni → nitrile reduced to −CH2NH2 → primary amine 

(D)Benzonitrile +SnCl2/HCl, then H2O/H
+ → Stephen reduction gives benzaldehyde (C6H5CHO), not an amine 

71. (c) Each of the given statements needs to be examined carefully to identify the correct one. Let's analyze them one 

by one: 

Option(a): The green manganate ion shows diamagnetic nature but the permanganate ion exhibits paramagnetic 

nature. 

This statement is not correct because both the manganate ion (MnO4
2−) and the permanganate ion (MnO4

−)are 

paramagnetic in nature, as both contain unpaired electrons in their d-orbitals. 

Option(b): Interstitial compounds of transition metals have lower melting points than that of pure transition metals 

and their compounds are chemically reactive. 

This statement is also not correct. Interstitial compounds typically have higher melting points compared to their 

pure metals due to the presence of small atoms (like hydrogen, carbon, or nitrogen) in the interstices of the metal 

lattice structure, which enhances the metallic bonding. Additionally, they are generally less reactive than their 

constituent metals. 

Option(c): Cerium is a lanthanoid metal which exists in a stable oxidation state of +4 , besides exhibiting an 

oxidation state of +3 . 

This statement is correct. Cerium ( Ce ) indeed has two common oxidation states: +3 and +4 . The +3 oxidation 

state is more common for lanthanoids, but cerium is unique in that it can exist stably in the +4 oxidation state as 

well. 

Option(d): Cr(VI) is more stable than W(VI) and hence acts as a good oxidising agent. 

This statement is not correct. In fact, W(VI) is generally more stable than Cr (VI). Chromium (VI) compounds are 

strong oxidizing agents, indicating they are less stable and readily reduced. 

72. (b) To determine aromaticity, we use Hückel's Rule criteria (cyclic, planar, fully conjugated, and containing 

(4π + 2)π electrons ) and look at the actual geometry of the molecule: 

(1) Compound (A): Cyclooctatetraene (COT) 

•It is cyclic and conjugated with 8π electrons (4ππ electrons). 

•Instead of remaining flat and antiaromatic, it adopts a tub-shaped (non-planar) conformation to minimize strain 

and instability. 

•Because it is non-planar, it is non-aromatic. 

(2) Compound (B): Cyclopentadienyl Anion 

•It is cyclic, planar, and fully conjugated. 

•It contains 6 x electrons ( 4 from two double bonds +2 from the negative charge), which fits the 4n + 2 rule ( 

n = 1 ). 

•Therefore, it is aromatic. 

(3) Compound (C): Tropolone 

•Due to the highly polar carbonyl group ( C = 0 ), resonance creates a positive charge on the 7 -membered ring 

(C+ − 0−). 
•This forms a tropylum-like ring structure containing 6x electrons, which is cyclic, planar, and fully conjugated. 

•Therefore, it is aromatic. 

(4) Compound (D): Thiophene 

•It is a heterocyclic 5-membered ring where one lone pair of electrons from the sulfur atom participates in the 

ring's x-system. 

•This creates a fully conjugated, planar ring with 6x electrons. 

•Therefore, it is aromatic. 

73. (a)To determine the freezing point of the solution, we can use the formula for freezing point depression: 

ΔTf = i ⋅ Kf ⋅ m 
Where: 

• ΔTf is the freezing point depression 
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•i is the van 't Hoff factor (since propane is a non-electrolyte, i = 1 ) 

•Kf is the freezing point depression constant (5.12∘C/m for benzene ) 
•m is the molality of the solution 

The molality ( m ) is given by the formula: 

m =
 moles of solute 

 kilograms of solvent 
 

First, we need to calculate the moles of propane. The molar mass of propane (C3H8) is: 

3 × 12.01 g/mol + 8 × 1.01 g/mol = 44.09 g/mol 
Thus, the moles of propane are: 

20 g

44.09 g/mol
= 0.4536moles 

Next, we need to convert the mass of benzene from grams to kilograms: 

400 g = 0.4 kg 
Now, we can calculate the molality (m) of the solution: 

m =
0.4536 moles 

0.4 kg
= 1.134 mol/kg 

Now, we can calculate the freezing point depression: 

ΔTf = 1 × 5.12
∘C/m × 1.134 mol/kg = 5.804∘C 

Finally, we can determine the new freezing point of the solution by subtracting the freezing point depression from 

the normal freezing point of benzene: 

Freezing point of solution = 5.48∘C − 5.804∘C = −0.324∘C 

74. (a) (1) Benzamide +Br2/KOH, Δ → undergoes Hofmann bromamide degradation 

C6H5CONH2
Br2/KOH⁡
→      C6H5NH2 

So [X] = Aniline . 

(2) Aniline +(CH3CO)2O/ Pyridine → acetylation 

C6H5NH2
(CH3CO)2O⁡
→        C6H5NHCOCH3 

This product is Acetanilide. 

Final product [Y] = Acetanilide 

75. (b) During the electrochemical process of rusting (corrosion) of an iron rod exposed to the atmosphere: 

At the Anodic Area: Iron undergoes oxidation to release electrons: 

2Fe( s) → 2Fe2+(aq) + 4e−⁡(E∘ = −0.44 V) 
At the Cathodic Area: Oxygen gas in the presence of H+ions (which come from H2CO3 formed by atmospheric 

CO2 dissolving in moisture) undergoes reduction by consuming those electrons: 

O2( g) + 4H
+(aq) + 4e− → 2H2O(l);⁡E

∘ = +1.23 V 

76. (c) In Williamson's synthesis, ethers are generally prepared by the nucleophilic substitution reaction of an 

alkoxide ion with a primary alkyl halide. The reaction mechanism typically follows the SN2 (bimolecular 

nucleophilic substitution) pathway. 

The assertion that n-propyl tert-butyl ether can be readily prepared in the laboratory by Williamson's synthesis is 

true. However, the reaction cannot proceed via SN1 mechanism when primary alkoxide ion attacks a tert-butyl 

halide. In fact, tert-alkyl halides are not suitable substrates for the Williamson synthesis because the SN2 

mechanism does not work well with sterically hindered electrophiles like tert-alkyl halides. 

Therefore, while the assertion is correct, the reason provided is incorrect. 

77. (a) Assertion: In the secondary structure of RNA, double helix structure is formed. 

This assertion is correct. RNA, like DNA, can form double helix structures. These structures are often short and 

localized, and they involve base pairing between complementary nucleotides within the same RNA molecule. This 

is a crucial aspect of RNA's secondary structure, giving it specific shapes and functions. 

Reason: In the double structure of RNA, two nucleic acid chains are wound about each other and held together by 

hydrogen bonds between pairs of bases. 

This reason is incorrect. While it accurately describes the structure of DNA, it doesn't apply to the double helix 

formations found in RNA. In RNA's double helix, it's not two separate chains winding around each other. Instead, 

it's a single RNA molecule folding back on itself, forming a stem-loop structure. This stem-loop consists of a 

double-stranded region (the stem) and a singlestranded loop. The stem is held together by hydrogen bonds 

between complementary bases within the same RNA molecule. 
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In summary, RNA does form double helix structures as part of its secondary structure, but this is due to a single 

RNA molecule folding back on itself, not two separate chains winding around each other. 

78. (b) To identify the compound W , let's examine the given reactions step by step: 

(1) The first reaction is: 

W+
Na2CO3
O2/ heat 

→ X 

This reaction involves an inorganic compound W being treated with sodium carbonate and oxygen under heat to 

form a compound X . This is a classic method employed to oxidize a compound. One known example is the 

oxidation of chromite ore where FeCr2O4 (chromite) gets oxidized to sodium chromate (Na2CrO4). 
(2) The second step: 

X + H+ → Y(s) 

Adding acid H + to sodium chromate (Na2CrO4) converts it to a solid dichromate compound. In aqueous 

solution, sodium chromate is converted to sodium dichromate (Na2Cr2O7), which precipitates as a solid in a more 

concentrated solution. 

(3) The third reaction is: 

Y(aq) + KCl(aq) → Z(s) 

Here, when the resulting dichromate solution reacts with potassium chloride ( KCl ), potassium dichromate ( 

K2Cr2O7 ) forms as a precipitate. Potassium dichromate is known for its orange crystals and is widely used as an 

oxidizing agent in acidic medium. 

Based on these reactions, we can see the transformation of chromite FeCr2O4 into K2Cr2O7 through 

intermediates. 

79. (a) Cannizzaro reaction is shown by aldehydes that do not contain any α-hydrogen. 

(A) 2-Chlorobutanal: CH3 − CH2 − CH(Cl) − CHO 

α-carbon has one H ⇒ contains α − H ⇒ does not undergo Cannizzaro. 

(B) 2,2-Dimethylpropanal: (CH3)3C − CHO 

α-carbon is quaternary (no H ) ⇒ undergoes Cannizzaro. 

(C) Benzaldehyde: C6H5CHO 

No α-carbon hydrogen ⇒ undergoes Cannizzaro. 

(D) 2-Phenyl ethanol: C6H5CH2CH2OH 

It is an alcohol, not an aldehyde ⇒ does not undergo Cannizzaro. 

Therefore, the two compounds that will not undergo Cannizzaro reaction are: 

80. (a) CHBr2 − CBr2 − CH3
2Zn/ ethanol ⁡
→         CH3 − C ≡ CH 

So, [B] = propyne. 

Now add 2 moles of HBr to propyne: 

First mole of HBr (Markovnikov addition): 

CH3 − C ≡ CH → CH3 − C(Br) = CH2 
Second mole of HBr : 

CH3 − C(Br) = CH2 → CH3 − CBr2 − CH3 

Thus [C] = 2,2-dibromopropane. 

81. (b) Benzaldehyde (C6H5CHO) and Ethanal (CH3CHO) react in the presence of dilute sodium hydroxide (NaOH) 

through a reaction known as the Aldol Condensation. This reaction specifically leads to the formation of an α, β-

unsaturated aldehyde. 

The mechanism involves the following steps: 

(1) Addition Step: Ethanal, in the presence of NaOH , undergoes nucleophilic addition where the enolate ion 

formed from Ethanal attacks the carbonyl carbon of Benzaldehyde. 

(2) Formation of Aldol: This results in the formation of 3-hydroxy-3-phenylpropanal as the β-hydroxy aldehyde 

intermediate. 

(3) Dehydration Step: Heating this intermediate leads to the loss of a water molecule, resulting in the formation of 

an α, β unsaturated aldehyde: 

The balanced chemical equation for the overall reaction can be represented as: 

C6H5CHO+ CH3CHO
NaOH⁡
→    C6H5 − CH = CH − CHO + H2O 

The product formed in this reaction is 3-Phenylprop-2-enal (commonly known as cinnamaldehyde). 

Therefore, the option (b) (3-Phenylprop-2-enal & But-2-enal) is the correct answer. Actually, there is no But-2-

enal formed; only cinnamaldehyde is produced. 
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82. (b) Let's solve the problem step-by-step to find the percentage of element X and the formula of the violet-colored 

compound formed when the Lassaigne's extract of the organic compound is treated with sodium nitroprusside. 

First, we'll calculate the percentage of the element X in the organic compound based on the mass of barium 

sulphate (BaSO4) precipitated. 

The molecular weight of barium sulphate, BaSO4, is: 

Molecular weight of BaSO4 = 137 + 32 + 64 = 233 g/mol 
The atomic weight of sulphur (S) is 32 g/mol. When barium sulphate is formed, one mole of BaSO4 contains one 

mole of sulphur: 

Moles of BaSO4 formed = Mass of BaSO4/ Molecular weight of BaSO4 : 

Moles of BaSO4 =
1.2 g

233 g/ mol 
=

1.2

233
= 0.00515 mol 

Moles of sulphur = Moles of BaSO4 = 0.00515 mol 
The mass of sulphur in the compound is then: 

Mass of sulphur = Moles of sulphur × Atomic weight of sulphur = 0.00515 mol × 32 g/mol = 0.1648 g 
Now, the percentage of element X (sulphur in this case) in the organic compound is: 

Percentage of X = (
 Mass of sulphur 

 Mass of organic compound 
) × 100 = (

0.1648 g

0.8 g
) × 100 = 20.6% 

So, the percentage of element X is 20.6%. 

Next, we need to determine the formula of the violet-colored compound formed when Lassaigne's extract is 

treated with sodium nitroprusside. The violet coloration is characteristic of the reaction between sodium 

nitroprusside and sulphur in the extract. 

The chemical formula for the violet-colored compound formed in this reaction is: 

Na4[Fe(CN)5NOS] 
83. (b) To determine which of the given pairs of molecules contains one molecule with an odd electron and another 

with an expanded octet, we need to analyze the electron configurations and bonding structures of each pair: 

Option(a): 

BeCl2 & HNO3 

• BeCl2 : Beryllium chloride has a linear structure and does not have an odd electron. 

• HNO3 : Nitric acid does not have an odd electron nor an expanded octet. The nitrogen in HNO3 obeys the octet 

rule. 

Option(b): 

NO & PF5 

•NO: Nitric oxide has an odd electron (one unpaired electron). 

•PF5 : Phosphorus pentafluoride has an expanded octet ( 10 electrons around phosphorus). 

Option(c): 

BCl3 & NO2 

•BCl3 : Boron trichloride does not have an odd electron and boron typically does not have an expanded octet. 

•NO2 : Nitrogen dioxide has an odd electron but does not have an expanded octet. 

Option(d): 

SCl2 & NH3 

•SCl2 : Sulfur dichloride has no odd electron and typically does not have an expanded octet. 

•NH3 : Ammonia has no odd electron and does not exhibit an expanded octet. 

84. (c) The compounds are: 

• A = Benzene 

• B = Bromobenzene 

• C = p-Xylene (1,4-dimethylbenzene) 

•D = Nitrobenzene 

Reactivity toward electrophilic substitution: 

• −NO2 is strongly deactivating ⇒ least reactive 

•-Br is deactivating (though o,p-directing) ⇒ less reactive than benzene 

•Benzene has normal reactivity 

• −CH3 groups activate the ring by +I effect ⇒ most reactive 

85. (a) To determine the mass of Silver chloride (AgCl) that gets precipitated, we need to first understand the reaction 

between Silver nitrate (AgNO3) and Sodium chloride (NaCl) to form Silver chloride and Sodium nitrate 

(NaNO3). 

The balanced chemical equation is: 
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AgNO3 + NaCl → AgCl + NaNO3 

Given: 

Volume of AgNO3 solution = 150ml 
•Concentration of AgNO3 solution = 32% 

•Volume of NaCl solution = 150ml 
•Concentration of NaCl solution = 11% 

We will start by calculating the masses of both AgNO3 and NaCl in their respective solutions. 

Step(1): Calculate the mass of AgNO3 

The mass percent concentration ( w/v ) gives the mass of the solute in grams per 100 mL of solution. Hence: 

 Mass of AgNO3 = (
32

100
) × 150ml = 48 g 

The molar mass of AgNO3 is calculated as: 

108(Ag) + 14( N) + 16 × 3(O) = 170 g/mol 
Thus, the number of moles of AgNO3 is: 

Moles of AgNO3 =
48 g

170 g/mol
= 0.282 mol 

Step(2): Calculate the mass of NaCl 

 Mass of NaCl = (
11

100
) × 150ml = 16.5 g 

The molar mass of NaCl is calculated as: 

23(Na) + 35.5(Cl) = 58.5 g/mol 
Thus, the number of moles of NaCl is: 

 Moles of NaCl =
16.5 g

58.5 g/mol
= 0.282 mol 

Step(3): Determine the limiting reagent 

Since both AgNO3 and NaCl have the same number of moles (0.282 mol) and they react in a 1: 1 molar ratio, 

neither reagent is in excess. Therefore, both are completely consumed. 

Step(4): Calculate the mass of AgCl precipitate 

The number of moles of AgCl formed is the same as the moles of the limiting reagent, which is 0.282 mol . 

The molar mass of AgCl is calculated as: 

108(Ag) + 35.5(Cl) = 143.5 g/mol 
Thus, the mass of AgCl precipitated is: 

Mass of AgCl = 0.282 mol × 143.5 g/mol = 40.497 g 
Conclusion: 

Therefore, the mass of Silver chloride that gets precipitated is approximately 40.47 grams. 

86. (a) (A) [Co(NH3)4Cl2]NO2 

•Geometrical isomerism: Yes (cis/transform of [MA4B2] octahedral complex). 

•Structural isomerism: Yes (ionization isomerism): 

[Co(NH3)4Cl2]NO2 ↔ [Co(NH3)4Cl(NO2)]Cl 
(C) [Co(NH3)3(NO2)3] 
•Geometrical isomerism: Yes (fac and mer forms of [MA3B3] ). 
•Structural isomerism: Yes (linkage isomerism of NO2

−): 

•nitro ( −NO2 ) 

•nitrito (-ONO) 

(D) [Cr(H2O)6]Cl3 
•Does not show geometrical isomerism. 

Therefore, the two compounds exhibiting both geometrical and structural isomerism are: 

(A)&(C) 
87. (b) To determine the wave number of the longest wavelength transition in the Balmer series of the Hydrogen 

spectrum, we can start by understanding that the Balmer series refers to electron transitions from higher energy 

levels to the n = 2 level. 

The wave number, denoted by ν‾ (nu tilde), is the reciprocal of the wavelength ( λ ) and can be calculated using the 

Rydberg formula for the hydrogen spectrum, which is given by: 

ν‾ = RH (
1

n1
2 −

1

n2
2) 
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Here, RH is the Rydberg constant for hydrogen, which is typically: 

RH = 109677 cm−1 
For the Balmer series, n1 = 2 because all transitions end at the second energy level. The longest wavelength 

corresponds to the smallest frequency, and thus the smallest energy transition. This occurs when n2 is at the 

lowest level just above n1, that is, n2 = 3. 

Substituting n1 = 2 and n2 = 3 into the Rydberg formula: 

ν‾ = 109677(
1

22
−
1

32
) 

Simplifying the terms inside the parentheses: 
1

22
=
1

4
 

1

32
=
1

9
 

Therefore: 

ν‾ = 109677(
1

4
−
1

9
) 

Finding a common denominator and calculating the difference: 
1

4
−
1

9
=
9 − 4

36
=
5

36
 

Substituting back into the formula: 

ν‾ = 109677 ×
5

36
 

Now performing the multiplication: 

ν‾ = 15233 cm−1 
Thus, the wave number of the longest wavelength transition in the Balmer series of hydrogen is: 

88. (a) For addressing the given statements, let's analyze both the Assertion and the Reason carefully. 

Assertion: When Molar conductivity for a strong electrolyte is plotted versus √C( mol/L)1/2, a straight line is 

obtained with intercept equal to Molar conductivity at infinite dilution for the electrolyte and Slope equal to - A. 

All electrolytes of a given type have the same A value. 

This assertion stems from Kohlrausch's Law of Independent Migration of Ions. For strong electrolytes, the molar 

conductivity at a given concentration C is generally expressed as: 

Λm = Λm
∞ − A√C 

where Λm is the molar conductivity at concentration C, Λm
∞  is the molar conductivity at infinite dilution, and A is a 

constant dependent on the nature of the electrolyte and the temperature. 

When plotted, Λm vs √C indeed yields a straight line with intercept Λm
∞  and slope −A. The value of A is typically 

the same within electrolyte types under identical conditions, making the assertion correct. 

Reason: At infinite dilution, strong electrolytes of the same type will have different number of ions due to 

incomplete dissociation. 

This reason contradicts the general understanding of strong electrolytes. At infinite dilution, strong electrolytes are 

assumed to dissociate completely into their respective ions. Thus, strong electrolytes of the same type are expected 

to have the same number of ions at infinite dilution, making the reason incorrect. 

89. (c) Determine oxidation state and spin state: 

(A) [FeF6]
3− 

• Fe = +3 →  d5 

• F−is weak field → high spin d5 

•Unpaired electrons = 5 → (R) 
(B) [Fe(CN)6]

4− 

• Fe = +2 →  d6 

•CN−is strong field → low spin d6 

•Unpaired electrons = 0 → (P) 
(C) [Fe(H2O)6]

2+ 

•Fe = +2 →  d6 

•H2O is weak field → high spin d6 

•Unpaired electrons = 4 → (S) 
(D) [Fe(CN)s]

3− 
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 •Fe = +3 →  d5 

• CN−is strong field → low spin d5 

•Unpaired electrons = 1 → (Q) 
Thus, 

(A) = (R), (B) = (P), (C) = (S), (D) = (Q) 
90. (d) To determine the principal (n) and azimuthal (l) quantum numbers of the valence electrons in tripositive 

Lutetium (Lu3+), we need to first determine the electronic configuration of neutral Lutetium (Lu). 

Neutral Lutetium has an atomic number of 71. Its electron configuration is: 

Lu: [Xe]4f145d16s2 
In the tripositive state (Lu3+), three electrons are removed. The electrons are generally removed from the 

outermost orbitals first. Thus, removing three electrons from neutral Lutetium involves the removal of two 6 s 

electrons and one 5 d electron: 

Lu3+: [Xe]4f14 
Therefore, the valence electrons in Lu3+ are in the 4 f subshell. The principal quantum number n for the 4 f 

subshell is 4 , and the azimuthal (angular momentum) quantum number l for the f subshell is 3 . 

So, the correct set of quantum numbers for the valence electrons in tripositive Lutetium is:n = 4⁡&⁡l = 3 

91. (c) To determine the quantity of charge, in Faraday units, required for the reduction of 3.5 moles of Cr2O7
2− in 

acid medium, we need to look at the half-reaction for the reduction of Cr2O7
2− to Cr3+ : 

Cr2O7
2− + 14H+ + 6e− → 2Cr3+ + 7H2O 

The balanced equation shows that 6 moles of electrons (e−)are needed to reduce 1 mole of Cr2O7
2−. Therefore, for 

3.5 moles of Cr2O7
2− : 

The total charge required in moles of electrons is calculated as: 

Total charge = 3.5 moles ∖ of Cr2O7
2− × 6 moles of e−/mole ∖ of Cr2O7

2− 

So: 

Total charge = 3.5 × 6 = 21 Faradays 

Thus, the quantity of charge required for the reduction of 3.5 moles of Cr2O7
2− in acid medium is 21.0 Faradays. 

92. (a) Option (a): It prevents pressure being developed in the cell due to NH3 gas formation. 

Here's why: 

In a dry cell, the following reactions occur: 

At the anode (Zinc casing): 

Zn(s) ⟶ Zn2+(aq) + 2e− 

At the cathode (Carbon rod): 

2MnO2(s) + 2NH4
+(aq) + 2e−⟶Mn2O3(s) + 2NH3(aq) + H2O(l) 

The ammonia (NH3) produced at the cathode is a gas. If it's not controlled, it can build up pressure inside the cell, 

potentially causing it to leak or even explode. 

The role of ZnCl2 is to react with the ammonia to form a complex ion: 

Zn2+(aq) + 4NH3(aq) ⇌ [Zn(NH3)4]
2+(aq) 

This reaction effectively removes the ammonia gas from the system, preventing the buildup of pressure and 

ensuring the stability of the cell. 

Let's look at why the other options are incorrect: 

Option(b): The cathode is the carbon rod where reduction occurs, and the anode is the zinc casing where oxidation 

takes place. The ZnCl2 doesn't directly affect this role. 

Option(c): Zinc acts as the anode, not the cathode. The carbon rod acts as the cathode. 

Option(d): ZnCl2 doesn't prevent the leakage of the electrolyte. The cell's design and the paste's consistency are 

more important for preventing leaks. 

93. (d) •Y reacts much faster with Lucas reagent and dehydrates more readily ⇒ Y is a tertiary alcohol. 

•From C4H3O, the ketone butan-2-one gives with CH3MgBr : 

CH3COCH2CH3
CH3MgBr/H

+⁡
→          (CH3)2C(OH)CH2CH3 

⇒ Y = 2-Methylbutan-2-ol (tertiary). 

•The aldehyde butanal gives: 

CH3CH2CH2CHO
CH3MgBr/H

+⁡
→          CH3CH2CH2CH(OH)CH3 

⇒ X = Pentan-2-ol (secondary). 

X = Pentan-2-ol, Y = 2-Methylbutan-2-ol. 
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94. (a) To match the names of the reactions given in Column I with the appropriate reactions given in Column II, let's 

analyze each reaction and its equation. 

(A). Sandmeyer Reaction: 

This reaction involves the replacement of the diazonium group with another substituent using copper salts. The 

correct equation corresponding to this reaction is: 

C6H5 N2 + Cl − +Cu2Br2/HBr → C6H5Br + N2 
(B). Fittig Reaction: 

The Fittig reaction is similar to the Wurtz reaction, involving the coupling of aryl halides using sodium in dry 

ether to form biaryl compounds. The appropriate equation for this reaction is: 

2C6H5Cl + Na (dry ether) →  Diphenyl.  
(C). Swarts Reaction: 

This reaction involves the exchange of a halogen atom in an alkyl halide for fluorine using a metallic fluoride. The 

corresponding equation is:CH3 − CHBr − CH3 + AgF → CH3 − CHF − CH3 + AgBr 
(D). Finkelstein Reaction: 

The Finkelstein reaction involves the halogen exchange where an alkyl halide reacts with a halide salt in acetone 

to form a new alkyl halide. The relevant equation is: 

CH3 − CH2 − Br + Nal( Acetone ) → CH3 − CH2 − I + NaBr 
Now, let's match them: 

(A)Sandmeyer = (S) 
(B)Fittig = (P)  

(C)Swarts = (Q) 
(D)Finkelstein = (R) 

95. (d) Pauling's Electronegativity scale is a widely used method to determine the relative electronegativities of 

elements. Electronegativity is a measure of an atom's ability to attract and hold electrons in a chemical bond. 

Generally, electronegativity increases across a period in the periodic table (from left to right) and decreases down 

a group (from top to bottom). 

Let's evaluate each option based on Pauling's Electronegativity scale: 

Option(a) 

Na > Cs > K 
Sodium (Na), Cesium (Cs), and Potassium (K) are all alkali metals. Electronegativity decreases as we go down the 

group. Hence, the correct order should be: 

Na > K > Cs 
So, this option is incorrect. 

Option(b) 

Mg > Al > Si 
Magnesium (Mg), Aluminium (Al), and Silicon (Si) belong to different groups. Typically, moving across a period 

from left to right, electronegativity increases. Hence, the correct order should be: 

Si > Al > Mg 
So, this option is also incorrect. 

Option(c) 

B > C > Al 
Boron (B), Carbon (C), and Aluminium (Al) are from different periods and groups. Typically, Carbon (C) is more 

electronegative than Boron (B), and both Boron (B) and Carbon (C) are more electronegative than Aluminium 

(Al): 

C > B > Al 
So, this option is incorrect. 

Option(d) 

N > S > P 
Nitrogen ( N ), Sulfur ( S ), and Phosphorus ( P ) are in different groups and periods. Generally, within the same 

period, electronegativity increases from left to right (N > S), and within the same group, it decreases down the 

group (S > P) : 
N > S > P 
This option follows the rules of electronegativity correctly. 

96. (a) To determine the volume of 0.2 M acetic acid needed to create a buffer solution with a pH of 4.94 , we'll use 

the HendersonHasselbalch equation, which is: 
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 pH = pKa + log (
[ Salt ]

[ Acid ]
) 

Here: 

pH = 4.94 

pKa of acetic acid=4.76 

[Salt] is the concentration of sodium acetate 

[Acid] is the concentration of acetic acid 

Given the volume and concentration of sodium acetate: 

Volume of sodium acetate, Vsalt = 100ml 
Concentration of sodium acetate, Csalt = 0.4M 

First, let's find the ratio of the concentrations of salt to acid using the Henderson-Hasselbalch equation: 

4.94 = 4.76 + log (
[ salt ]

[ acid ]
) 

4.94 − 4.76 = log (
[ salt ]

 [acid] 
) 

0.18 = log (
[ salt ]

[ acid ]
) 

To remove the logarithm, we raise 10 to the power of both sides: 

100.18 =
[ salt ]

[ acid ]
 

1.51 =
[ salt ]

[ acid ]
 

Let's denote the volume of acetic acid to be added as Vacid  in milliliters. The concentration of acetic acid is given 

as 0.2 M . The total volume of the buffer solution will be 100ml + Vacid . Therefore, the concentrations of salt and 

acid in the buffer are: 

• [ Salt ] =
0.4M×100ml

100ml+Vacid 
 

• [ Acid ] =
0.2M×Vacid 

100ml+Vacid 
 

Now, substituting these into the ratio we found: 

1.51 =

0.4M × 100ml
100MM+ vacid 

0.2 × Mvacid 

100ml + vacid 

 

The 100ml + Vacid  terms cancel out, so we have: 

1.51 =
0.4 × 100

0.2 × Vacid 

 

1.51 =
40

0.2 × Vacid 

 

1.51 × 0.2 × Vacid = 40 

0.302 × Vacid = 40 

Finally, solving for Vacid  : 

Vacid =
40

0.302
= 132.45ml 

However, this value does not match any of the given options exactly. Typically, slight approximations may occur 

due to rounding off values during intermediate steps. Considering the options, the closest value is: 

97. (c) To determine the order of reactivity of the given compounds A, B, C and D towards an SN1 reaction, we need to 

consider the stability of the carbocation intermediate that forms when each compound undergoes the reaction. The 

more stable the carbocation, the more reactive the compound will be towards the SN1 mechanism. 

Let's analyze each compound: 

(1)A = C6H5CH2Cl : The carbocation formed after losing Cl is C6H5CH2
+, which is a benzyl carbocation. Benzyl 

carbocations are highly stabilized by resonance with the phenyl ring. 

(2)B = C6H5Cl : The carbocation formed after losing Cl is C6H5
+. This is a phenyl carbocation, which is very 

unstable since the positive charge cannot be delocalized on the aromatic ring effectively. 
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(3)C = CH2 = CH − Cl : The carbocation formed after losing Cl is CH2 = CH

+, which is a vinyl carbocation. 

Vinyl carbocations are extremely unstable because the positive charge lies on an sp2 carbon, making them very 

high in energy. 

(4)D = CH3 − CH2 − Cl : The carbocation formed after losing Cl is CH3 − CH2
+, which is a primary carbocation. 

Primary carbocations are more stable than vinyl carbocations but much less stable compared to benzyl 

carbocations. 

Based on the stability of the carbocations, the order of reactivity towards the SN1 reaction is: 

B < C < D < A 

98. (c) To calculate the average rate of disappearance of X, we need to use the stoichiometry of the given reaction and 

the rate of formation of Z. The reaction is as follows: 

5X + Y → 3Z 

We are given the rate of formation of Z : 

Rate of formation of Z = 2.4 × 10−5molL−1 s−1 
From the stoichiometry of the reaction, for every 3 moles of Z formed, 5 moles of X are consumed. Therefore, the 

rates of consumption and formation are proportional to their stoichiometric coefficients. 

Thus, we can relate the rate of disappearance of X to the rate of formation of Z using the following ratio: 

Rate of disappearance of X = (
5

3
) × Rate of formation of Z 

Substituting the given rate of formation of Z : 

Rate of disappearance of X = (
5

3
) × 2.4 × 10−5 mol L−1 s−1 

Let's perform the multiplication: 

Rate of disappearance of X = (
5×2.4

3
) × 10−5 

Rate of disappearance of X = (
12

3
) × 10−5 

Rate of disappearance of X = 4 × 10−5molL−1 s−1 
99. (d) To determine the number of moles of electrons involved in the redox reaction between dichromate ions 

(Cr2O7
2−) in acidic medium (H+)and sulphite ions (SO3

2−), we need to first identify the balanced redox reaction. 

The balanced equation for this reaction is: 

Cr2O7
2− + H+ + SO3

2− → Cr3+ + SO4
2− + H2O 

To balance the redox reaction, we need to follow these steps: 

(1)Write the half-reactions for the oxidation and reduction processes separately. 

(2)Balance the atoms in the half-reactions other than O and H . 

(3)Balance oxygen atoms by adding H2O molecules. 

(4)Balance hydrogen atoms by adding H+ions. 

(5)Balance the charges by adding electrons ( e−). 

(6) Combine the half-reactions ensuring that the electrons gained and lost are equal. 

The reduction half-reaction for dichromate ions is: 

Cr2O7
2− + 14H+ + 6e− → 2Cr3+ + 7H2O 

The oxidation half-reaction for sulphite ions is: 

SO3
2− +H2O → SO4

2− + 2H+ + 2e− 

To balance the electrons, we need to make the electrons lost equal to the electrons gained: 

Multiplying the oxidation half-reaction by 3 : 

3SO3
2− + 3H2O → 3SO4

2− + 6H+ + 6e− 
Now, we can combine the balanced half-reactions: 

Cr2O7
2− + 14H+ + 3SO3

2− → 2Cr3+ + 7H2O + 3SO4
2− + 6H+ 

Simplifying the final reaction, we get: 

Cr2O7
2− + 8H+ + 3SO3

2− → 2Cr3+ + 7H2O+ 3SO4
2− 

In this balanced equation, one mole of dichromate ion reacts with three moles of sulphite ions, involving 6 moles 

of electrons. 

Given that 3.0 moles of the oxidized product (SO4
2−) are produced, we need to determine the number of moles of 

electrons involved. Since for every 3 moles of SO4
2− produced, 6 moles of electrons are involved, we can directly 

conclude that: 
3.0 moles of 

3 moles of 

SO4
2−

SO4
2− × 6 moles of electrons = 6 moles of electrons 

Hence, the number of moles of electrons involved in producing 3.0 moles of the oxidized product is 6 . 
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100. (c) Using Molecular Orbital Theory: 

•O2⁡
−: 17 electrons → 1 unpaired electron → Paramagnetic 

•N2⁡
+: 13 electrons → 1 unpaired electron → Paramagnetic 

•C2: 12 electrons → all electrons paired → Diamagnetic 

• O2⁡
2−: 18 electrons → all electrons paired → Diamagnetic 

Therefore, the diamagnetic species are C2 and O2⁡
2−. 

101. (b) To determine the percentage association of the solute X , we need to use the boiling point elevation 

formula. The association of solute affects the number of particles in the solution, which in turn affects the boiling 

point elevation. 

The boiling point elevation ΔTb is given by: 

ΔTb = i ⋅ Kb ⋅ m 
Where: 

• ΔTb is the boiling point elevation 

•i is the van 't Hoff factor, which indicates the number of particles into which a solute dissociates or associates in 

solution 

• Kb is the ebullioscopic constant (boiling point elevation constant) 

•m is the molality of the solution 

Given data: 

•Boiling point of pure water = 100∘C 

•Observed boiling point of the solution = 101.04∘C 

•Boiling point elevation, ΔTb = 101.04
∘C − 100∘C = 1.04∘C 

• Kb for water = 0.52 K/m 

•Molality, m = 4 m 

We can now rearrange the boiling point elevation formula to solve for i : 

i =
ΔTb
Kb ⋅ m

 

Substitute the given values: 

i =
1.04

0.52 ⋅ 4
 

Calculate the value of i : 

i =
1.04

2.08
= 0.5 

The van 't Hoff factor for dimerization is given by: 

i = 1 − α +
α

2
 

Here, α represents the degree of association. We have i = 0.5 : 

0.5 = 1 − α +
α

2
 

Rearranging the equation to solve for α : 

0.5 = 1 −
α

2
 

1 − 0.5 =
α

2
 

0.5 =
α

2
 

α = 1 

Therefore, the degree of association α is 1 . This indicates a 100% association of the solute X in water. 

102. (d) The Lanthanoid ion which forms coloured compounds typically does so because of the presence of 

unpaired electrons in its f orbitals. These unpaired electrons can absorb visible light, resulting in coloured 

compounds. 

Let's analyze the given lanthanoid ions: 

(1)Yb2+ (Ytterbium) 

•Ytterbium has an atomic number of 70 . 

•In the Yb2+ ion, the electronic configuration would be [Xe]4f14. 
•Since there are no unpaired electrons in the 4 f orbital (all 14 electrons are paired), Yb2+ would form colourless 

compounds. 
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(2)La3+ (Lanthanum) 

•Lanthanum has an atomic number of 57 . 

•In the La3+ ion, the electronic configuration would be [Xe]4f0. 
•Since there are no electrons in the 4 f orbital, La3+ would form colourless compounds. 

(3)Lu3+ (Lutetium) 

•Lutetium has an atomic number of 71 . 

•In the Lu3+ ion, the electronic configuration would be [Xe]4f14. 
•As with Yb2+, all 14 electrons are paired, so Lu3+ would also form colourless compounds. 

(4)Pr3+ (Praseodymium) 

•Praseodymium has an atomic number of 59 . 

•In the Pr3+ ion, the electronic configuration would be [Xe]4f2. 
•There are 2 unpaired electrons in the 4 f orbital, which can interact with visible light and result in the formation 

of coloured compounds. 

103. (a) Let's analyze each statement: 

(A)Co2+ is easily oxidised to Co3+ in the presence of a strong ligand like CN− 

This statement is correct. Here's why: 

•Cobalt(II) (Co2+) has a d7 electronic configuration, making it relatively stable. However, the presence of a 

strong ligand like cyanide ( CN−) can significantly alter its stability. 

•Strong field ligands like cyanide cause a large crystal field splitting, leading to a low-spin configuration for Co2+. 

This lowspin configuration has all the electrons paired up in the lower energy d orbitals. 

•The pairing of electrons in the d orbitals makes the oxidation of Co2+ to Co3+(d6 configuration) more favorable 

due to the increased stability of the low-spin d6 configuration in the presence of the strong field ligand. 

(B)[Fe(CN)6]
4− is an octahedral complex ion which is paramagnetic in nature. 

This statement is incorrect. Here's why: 

•The complex ion [Fe(CN)6]
4− is indeed octahedral, but it is diamagnetic, not paramagnetic. 

•Iron(II) (Fe2+) has a d6 electronic configuration. Cyanide (CN−), being a strong field ligand, causes a large 

crystal field splitting, resulting in a low-spin configuration. 

•In the low-spin configuration, all six electrons in the d orbitals are paired, making the complex diamagnetic (no 

unpaired electrons). 

(C)Removal of H2O molecules from [Ti(H2O)6]Cl3 on strong heating converts it to a colourless compound. 

This statement is correct. Here's why: 

•The complex [Ti(H2O)6]Cl3 is colored because the d orbitals of titanium(III) ( Ti3+ ) are split by the ligand field, 

allowing for d-d electronic transitions that absorb certain wavelengths of light, resulting in a color. 

•Strong heating removes the water molecules, leading to the formation of anhydrous titanium(III) chloride ( TiCl3 

). 

•Anhydrous titanium(III) chloride is colorless because in the absence of water ligands, the d orbitals are no longer 

split, and d-d transitions are not possible, meaning no light is absorbed. 

(D)Crystal Field splitting in Octahedral and Tetrahedral complexes is given by the equation Δ0 = 4/9Δt 
This statement is incorrect. Here's why: 

•The correct relationship between the crystal field splitting in octahedral ( Δ0 ) and tetrahedral ( Δt ) complexes is: 

Δt = (4/9)Δ0. 
•This means that the crystal field splitting in tetrahedral complexes is approximately four-ninths of the splitting in 

octahedral complexes. 

•The reason for this difference is the geometric arrangement of the ligands. In an octahedral complex, the ligands 

are arranged at 90 degrees to each other, resulting in a stronger interaction with the metal d orbitals. In a 

tetrahedral complex, the ligands are at 109.5 degrees to each other, leading to a weaker interaction with the d 

orbitals. 

In conclusion, the correct statements are A and C , explaining the oxidation behavior of cobalt in the presence of 

strong ligands and the color change associated with the dehydration of titanium(III) complexes. 

104. (a) To find the internal energy change, ΔU, we use the relationship between the change in enthalpy, ΔH, and 

ΔU in a chemical reaction. The relationship is given by: 

ΔH = ΔU + ΔngasRT 

Here: 

•ΔH is the enthalpy change. 

•ΔU is the internal energy change. 
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•Δngas  is the change in the number of moles of gas during the reaction. 

•R is the universal gas constant, which is approximately 8.314Jmol−1 K−1 or 0.008314 kJ mol−1 K−1. 

• T is the temperature in Kelvin. Given the temperature is 25∘C, we convert it to Kelvin as 25 + 273.15 =
298.15 K. 

The standard combustion reaction of benzoic acid is: 

C6H5COOH( s) + 7.5O2( g) → 7CO2( g) + 3H2O(l) 
From the reaction, the change in the number of moles of gas, Δngas , can be calculated as: 

Δngas =  moles of gaseous products −  moles of gaseous reactants  

So, 

Δngas = 7 − 7.5 = −0.5 

Now, substituting these values into the equation, we get: 

ΔH = ΔU + ΔngasRT 

−2546 kJ = ΔU + (−0.5)(0.008314 kJ mol−1 K−1)(298.15 K) 
−2546 kJ = ΔU − 1.238 kJ 
ΔU = −2546 kJ + 1.238 kJ 
ΔU = −2544.762 kJ 
Rounding to the nearest decimal, we get: 

ΔU = −2544.8 kJ 
105. (c) To determine the molality of sulphuric acid in the solution, we'll follow these steps: 

(1).First, we need to use the given molarity (M) and density ( ρ ) to find the mass of the solution. 

Given: 

Molarity (M) = 4.5M 

Density (ρ) = 1.28 g/ml 
(2). The molarity ( M ) is defined as the number of moles of solute (sulphuric acid, H2SO4) per liter of solution. 

We need to find out how many grams of H2SO4 are present in 1 liter of solution: 

Number of moles of H2SO4 in 1 liter of solution = 4.5 mol 
Molar mass of H2SO4 = 2 × 1 + 32 + 4 × 16 = 98 g/mol 
Therefore, mass of H2SO4 in 1 liter of solution = 4.5 × 98 = 441 g 
(3)Next, we will determine the total mass of the solution: 

Since density (ρ) is the mass per unit volume, the mass of 1 liter (1000ml) of solution is: 

Mass of solution = 1.28 g/ml × 1000ml = 1280 g 
(4)The mass of the solvent (water) in the solution can be found by subtracting the mass of the solute (sulphuric 

acid) from the total mass of the solution: 

Mass of water = 1280 g − 441 g = 839 g 
(5)Now, we use the definition of molality (m), which is the number of moles of solute per kilogram of solvent 

(water): 

Molality (m) =
 number of moles of ⁡H2SO4

 mass of solvent in kg
 

Mass of water in kilograms =
839 g

1000
= 0.839 kg 

Therefore, the molality (m) is: 

m =
4.5 mol

0.839 kg
= 5.364 mol/kg 

Thus, the molality of the acid is 5.364 mol/kg. 
106. (a) To determine the standard enthalpy of combustion of Cyclopropane, we need to follow a systematic 

thermodynamic approach. First, we need the balanced chemical equation for the combustion of Cyclopropane: 

C3H6( g) +
9

2
O2( g) → 3CO2( g) + 3H2O(l) 

The combustion reaction involves the transformation of Cyclopropane into carbon dioxide and water. We need to 

calculate the change in enthalpy for this reaction. 

Given data: 

ΔHf
0(CO2( g)) = −393.5 kJ/mol 

ΔHf
0(H2O(l)) = −286 kJ/mol 

ΔHf
0(C3H6( g)) = +20.6 kJ/mol 
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And the given isomerization enthalpy: 

ΔH0 (isomerization of Cyclopropane to Propene) = −33 kJ/mol 

Now, let's determine the enthalpy of formation of Cyclopropane (ΔHf
0(C3H6( g))Cyclopropane ⁡). From the given 

isomerization enthalpy of Cyclopropane to Propene, we can write: 

ΔHf
0( Cyclopropane ) = ΔHf

0( Propene ) + 33 kJ/mol 
Substituting the values: 

ΔHf
0( Cyclopropane ) = 20.6 kJ/mol + 33 kJ/mol = 53.6 kJ/mol 

Next, the enthalpy change of combustion reaction ( ΔHcombustion  ) is found using the formula: 

ΔHcombustion 
0 =∑⁡ΔHf

0( products ) −∑⁡ΔHf
0( reactants ) 

For the combustion reaction of Cyclopropane: 

ΔHcombustion 
0 = [3ΔHf

0(CO2( g)) + 3ΔHf
0(H2O(l))] − [ΔH

0(C3H6) +
9

2
ΔH0(O2( g))] 

Note that the standard enthalpy of formation for O2( g) is zero: 

ΔHf
0(O2( g)) = 0 

Therefore: 

ΔHcombustion 
0 = [3(−393.5 kJ/mol) + 3(−286 kJ/mol)] − [53.6 kJ/mol + 0] 

ΔHcombustion 
0 = [3(−393.5) + 3(−286)] − 53.6 

= [−1180.5 − 858] − 53.6 

= −2038.5 − 53.6 

= −2092.1 kJ/mol 
Thus, the standard enthalpy of combustion of Cyclopropane is closest to: 

107. (d) To find the final molarity of the CuSO4 solution, we need to calculate how much copper sulfate is reduced 

during the electrolysis process. We'll follow these steps: 

Step (1): Calculate the total charge passed through the solution 

Given: 

•Current, I = 3.0 A 

•Time, t = 2 hours = 2 × 3600 s = 7200 s 
The total charge Q can be calculated using the formula: 

Q = I × t 
Q = 3.0 A × 7200 s = 21600C 
Step (2): Calculate the amount of copper deposited 

The electrochemical equivalent ( z ) of copper ( Cu ) can be derived from Faraday's laws, where the valency n of 

copper is 2 , and Faraday's constant F = 96485C/mol. 
For copper, 

M = 63.5 g/mol 
(molar mass of Cu ). 

The number of moles of copper deposited can be found using the formula: 

n(Cu) =
Q ×  current efficiency 

π × F
 

n(Cu) =
21600 × 0.90

2 × 96485
 

n(Cu) =
19440

192970
 

n(Cu) = 0.1008 moles 

Step (3): Calculate the change in the moles of CuSO4 

One mole of Cu is deposited from one mole of CuSO4 solution: 

n(CuSO4) depleted = n(Cu) = 0.1008 moles  

Step (4): Calculate the initial moles of CuSO4 
Initial molarity of CuSO4 solution is 0.45 M and the volume is 0.750 L : 

n(CuSO4) initial =  molarity ×  volume  

n(CuSO4) initial = 0.45 × 0.750 

n(CuSO4) initial = 0.3375 moles 

Step (5): Calculate the final moles of CuSO4 
n(CuSO4) final = n(CuSO4) initial − n(CuSO4) depleted 
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n(CuSO4) final = 0.3375 − 0.1008 

n(CuSO4) final = 0.2367 moles 

Step (6): Calculate the final molarity of the CuSO4 solution 

The final molarity is given by the number of moles divided by the volume: 

Molarity ⁡final =
 moles of CuSO ⁡⁡4 remaining 

 volume 
 

Molarity 
final 

=
0.2367

0.750
 

Molarity 
final 

= 0.3156M 

108. (a) Here's a breakdown of the vitamin deficiencies and their corresponding diseases, along with the correct 

matching: 

Understanding the Deficiencies: 

•Vitamin K Deficiency: Vitamin K is essential for blood clotting. A deficiency can lead to excessive bleeding, but 

it rarely causes haemophilia (a genetic bleeding disorder). 

•Vitamin B12 Deficiency: B12 is crucial for red blood cell production. A deficiency results in pernicious anemia, a 

type of anemia caused by the body's inability to absorb B12. 

•Vitamin B2 (Riboflavin) Deficiency: Riboflavin is vital for cell growth and development. A deficiency can lead 

to cheilosis, which is characterized by cracks and sores at the corners of the mouth. 

•Vitamin D Deficiency: Vitamin D is important for calcium absorption and bone health. A deficiency causes 

osteomalacia (softening of the bones) in adults. 

A − S⁡B − R⁡C − P⁡D − Q 
Explanation: 

•A-S: Vitamin K (A) is associated with haemophilia (S), though it's not the direct cause. 

•B-R: Vitamin B12( B) causes pernicious anemia (R). 

•C-P: Vitamin  ⁡B2 (C) leads to cheilosis (P). 

•D-Q: Vitamin D (D) deficiency results in osteomalacia (Q). 

109. (b) [A] is cyclopentylmethanol (cyclopentane −CH2OH ) and [X] is cyclopentylacetaldehyde (cyclopentane 

−CH2CHO ). 

To increase the carbon chain by one carbon, use: 

•PCls: RCH2OH → RCH2Cl 
•KCN:RCH2Cl → RCH2CN 

•LiAlH4: RCH2CN → RCH2CH2NH2 
•H3O

+: hydrolysis/workup 

•PCC: RCH2CH2OH → RCH2CHO 

Thus the sequence is: 

RCH2OH
PCl5⁡
→  RCH2Cl

KCN⁡
→  RCH2CN

LiAlH4/H3O
+⁡

→          RCH2CH2OH
PCC⁡
→  RCH2CHO 

110. (a) To determine the increasing order of the reducing strength of the redox couples, we need to analyze their 

standard electrode potentials ( E0 values). Remember, the lower (more negative) the standard electrode potential, 

the stronger the reducing agent, because it has a stronger tendency to lose electrons. 

The given redox couples and their standard electrode potentials are: 

[A] = Cu/Cu2+E0 = −0.34 V 

[B] = Ag/Ag+E0 = −0.8 V 

[C] = Ca/Ca2+E0 = +2.87 V 

[D] = Cr/Cr3+E0 = +0.74 V 

Let's arrange these redox couples in the increasing order of their reducing strength based on their E0 values: 

•Ag/Ag+has the lowest E0 value of -0.8 V , making it the strongest reducing agent. 

•Cu/Cu2+ has an E0 value of -0.34 V , making it the next strongest reducing agent. 

•Cr/Cr3+ has an E0 value of +0.74 V , making it a weaker reducing agent. 

• Ca/Ca2+ has the highest E0 value of +2.87 V , making it the weakest reducing agent. 

Therefore, the increasing order of reducing strength is: 

B < A < D < C 

111. (d) To find the ratio between the rate constants for the catalysed ( k2 ) and uncatalysed ( k1 ) reactions, we 

can utilize the Arrhenius equation. The Arrhenius equation is given by: 

k = Ae−
Ea
RT 
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where: 

• k is the rate constant. 

• A is the pre-exponential factor. 

• Ea is the activation energy. 

•R is the gas constant (approximately 8.314 J/(mol ⋅ K) ). 
•T is the temperature in Kelvin. 

Given: 

•The reduction in Activation Energy is 100 J/mol. 
•Temperature is 27∘C, which is 300 K . 

Let's denote the activation energy of the uncatalysed reaction as Ea1 and the activation energy of the catalysed 

reaction as Ea2. Since the activation energy is reduced by 100 J/mol due to the catalyst: 

Ea2 = Ea1 − 100 

We want to find the ratio 
k2

k1
. Using the Arrhenius equation for both the catalysed and uncatalysed reactions, we 

get: 

k1 = Ae
−
Ea1
RIT 

k2 = Ae
−
Ea2
RT  

Combining these equations gives: 

k2
k1
=
Ae−

Ea2
RT

Ae−
Ea1
RT

= e−
Ea2
RT e

Ea1
RT = e

Ea1−Ea2
RT  

Substituting Ea2 = Ea1 − 100, we get: 
k2
k1
= e

100
RT  

Now, substitute R = 8.314 J/(mol ⋅ K) and T = 300 K : 
k2
k1
= e

100
8.314×300 

Calculating the exponent: 
100

8.314 × 300
= 0.0401 

So: 
k2
k1
= e0.0401 = 1.041 

Hence, the ratio between the rate constants for the catalysed and uncatalysed reactions is approximately 1.04 . 

112. (b) Given: 

•n = 5.0 mol 
•P1 = 3.0 atm 

•T = 27∘C = 300 K 

•Isothermal compression to half the initial volume 

• Pext = 3.5 atm 
Initial volume: 

V1 =
nRT

P1
=
5 × 0.082 × 300

3
= 41.0 L 

Final volume: 

V2 =
V1
2
= 20.5 L 

Change in volume: 

ΔV = V2 − V1 = 20.5 − 41.0 = −20.5 L 
For irreversible compression: 

w = −Pext ΔV 

w = −3.5(−20.5) = 71.75 L atm 

Converting to joules: 

w = 71.75 × 101.3 = 7268.3 J 
113. (c) 
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114. (c) In order to determine which of the reactions will produce an equimolar mixture of the d and 1 forms, we 

need to analyze each reaction and understand the concept of racemic mixtures (equal mixture of enantiomers). 

When a reaction forms a chiral center in a compound, and if there is no preference in the spatial arrangement of 

the substituents around that chiral center, it will result in a racemic mixture. 

Let's examine each reaction: 

(1) Reaction [A]: 2-Methylpropene + HI → 

This reaction will form 2-iodo-2-methylpropane. Since the product does not have a chiral center, it will not give 

an equimolar mixture of enantiomers. 

(2) Reaction [B]: But-1-ene +HBr → 

This reaction will form 2-bromobutane. Since the formation involves a planar carbocation intermediate and 

substitution can occur from either side with equal probability, it will produce a racemic mixture of 2-bromobutane 

(having a chiral center at C2). 

(3) Reaction [C]: 3-Methylbut-1-ene +HI → 

This reaction will form 2-iodo-3-methylbutane. Again, the formation of a planar carbocation intermediate and 

subsequent substitution will lead to a racemic mixture because the resultant product has a chiral center. 

(4) Reaction [D]: 3-Phenylpropene +HBr (Peroxide) → 

Reaction in the presence of peroxide will follow an anti-Markovnikov addition, resulting in the formation of 1-

bromo-3phenylpropane. This compound does not have a chiral center, hence it does not produce a racemic 

mixture. 

Based on the analysis, the reactions that result in an equimolar mixture of d and 1 forms (racemic mixture) are: 

115. (d) To determine the osmotic pressure of the solution, we use the formula for osmotic pressure ( π ) given by: 

π = i ⋅ C ⋅ R ⋅ T 
Where: 

•𝑖 is the van 't Hoff factor (for non-electrolytes like glucose and urea, 𝑖 = 1 ). 

•C is the total molar concentration of the solute (in mol/L ). 

•R is the gas constant (0.082 L atm K−1 mol−1). 
•T is the absolute temperature in Kelvin ( K ). 

First, convert the given temperature to Kelvin: 

T = 27∘C + 273 = 300 K 
Next, we need the molar concentration of each solute. Calculate the molar mass of glucose and urea: 

For glucose (C6H12O6) : 
Molar mass = 6(12) + 12(1) + 6(16) 
= 72 + 12 + 96 

= 180 g/mol 
For urea (NH2CONH2) : 
Molar mass = 2(14 for N+ 1 for H) + 12 for C + 16 for O 

= 2(15) + 12 + 16 

= 30 + 28 

= 60 g/mol 
Now, calculate the number of moles of each solute: 

For glucose: 

 moles of glucose =
3.6 g

180 g/mol
= 0.02 mol 

For urea: 

 moles of urea =
1.2 g

60 g/mol
= 0.02 mol 

The total volume of the solution is 200 ml or 0.2 L . So, the total molar concentration C of the solution is: 

C =
 total moles 

 total volume 
=
0.02 + 0.02

0.2
=
0.04

0.2
= 0.2 mol/L 

Finally, use the osmotic pressure formula: 

π = 1 ⋅ 0.2 mol/L ⋅ 0.082 L atm K−1 mol−1 ⋅ 300 K = 4.92 atm 
Thus, the osmotic pressure of the solution is 4.92 atm . 

116. (b) To determine the order of reaction, we will use the method of initial rates. The rate law for the 

decomposition of the compound XY can be expressed as: 

 Rate = k[XY]n 
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where: 

• k is the rate constant 

• [XY] is the concentration of the XY compound 

•n is the order of the reaction with respect to XY 

We have three sets of data points: 

•At [XY] = 0.4 mol/L, Rate = 5.5 × 10−7 mol/L/s 
•At [XY] = 0.8 mol/L, Rate = 22.0 × 10−7 mol/L/s 
•At [XY] = 1.2 mol/L, Rate = 49.5 × 10−7 mol/L/s 
We can analyze how the rate changes with the concentration. By comparing the rate when the concentration is 

doubled, you can find the order of reaction: 

Step 1: Compare the first two data points: 

 Rate 2

 Rate 1
= (

22.0 × 10−7

5.5 × 10−7
) = (

0.8

0.4
)
n

 

This simplifies to: 
22.0

5.5
= (2)n 

4 = 2n 
Taking logs on both sides, we get: 

log4 = nlog2 

Taking logs on both sides, we get: 

log4 = nlog2 

Since log4 = 2log2, we have: 

2 = n 
Step 2: Confirm our answer with third data point, comparing with the first again: 

 Rate 3

 Rate 1
= (

49.5 × 10−7

5.5 × 10−7
) = (

1.2

0.4
)
n

 

This simplifies to: 
49.5

5.5
= (3)n 

9 = 3n 
Taking logs on both sides, we get: 

log9 = nlog3 

Since log9 = 2log3, we again find: 

2 = n 

Since the calculated value for n is 2 , the order of reaction with respect to the decomposition of XY is 

(C6H5CH2COOH) = [D] 

117. (d) Reaction sequence: 

(1) Benzyl alcohol +SOCl2 

→ Benzyl chloride (C6H5CH2Cl) = [A] 

(2)[A] + KCN 

→ Benzyl cyanide (phenylacetonitrile) (C6H5CH2CN) = [B] 
(3) Partial hydrolysis of nitrile 

→ Phenylacetamide (C6H5CH2CONH2) = [C] 

(4) Complete hydrolysis of amide 

→ Phenylacetic acid (2-phenylethanoic acid) (C6H5CH2COOH) = [D] 

118. (a) Let's analyze each statement one by one to determine which is incorrect: 

Statement (A): Isoelectronic molecules/ions have the same bond order. 

This statement is incorrect. While isoelectronic species have the same number of electrons, they can have different 

bond orders due to differences in their nuclear charges and arrangement of electrons in molecular orbitals. 

Therefore, isoelectronic molecules/ions do not necessarily have the same bond order. 

Statement (B): Dipole moment of NH3 is greater than that of NF3. 

This statement is correct. In NH3, the lone pair on the nitrogen contributes to a higher dipole moment because the 

dipole moments of the N − H bonds point towards the nitrogen, reinforcing the overall dipole moment. In NF3, the 
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highly electronegative fluorine atoms pull electron density away, reducing the overall dipole moment of the 

molecule. 

Statement (C): The Carbon in Methyl Carbocation is sp3 hybridised. 

This statement is incorrect. The carbon in a methyl carbocation (CH3
+)is sp2 hybridised because it has only three 

regions of electron density (three bonds and no lone pairs), forming a planar structure. 

Statement (D): The stability of an ionic compound is measured in terms of its lattice enthalpy and not simply 

based on attaining Octet configuration. 

This statement is correct. The stability of an ionic compound is indeed largely determined by its lattice enthalpy, 

which is the energy released when ions come together to form a lattice structure. Attaining an octet configuration 

alone does not fully account for the stability without considering lattice enthalpy. 

Given this analysis, the incorrect statements are A and C . However, since we must choose one option, we should 

select the first incorrect statement from the provided options. 

Choice (A): Isoelectronic molecules/ions have the same bond order. 

119. (b) Let's analyze each complex ion to determine the correct electronic configuration based on Crystal Field 

Theory: 

(A) [Mn(CN)6]
4− 

•Mn in +2 oxidation state, so its electronic configuration is 3d5. 

•CN−is a strong field ligand, causing a large splitting of the d orbitals. 

•Therefore, all five electrons will occupy the lower energy t2g orbitals, leading to the configuration t2g
5 , which 

corresponds to (R). 

(B) [Co(H2O)6]
2+ 

•Co in +2 oxidation state, its electronic configuration is 3d7. 

•H2O is a weak field ligand, resulting in a smaller splitting of the d orbitals. 

•Therefore, the electronic configuration will be t2g
5 eg

2, which corresponds to (S). 

(C) [Fe(H2O)6]
2+ 

•Fe in +2 oxidation state, its electronic configuration is 3d6. 

•H2O is a weak field ligand, leading to a smaller splitting of the d orbitals. 

•Therefore, the electronic configuration will be t2g
4 eg

2, which corresponds to (Q). 

(D) [MnCl4]
2− 

•Mn in +2 oxidation state, its electronic configuration is 3d5. 

•Cl−is a weak field ligand. The complex is tetrahedral, which results in a different splitting pattern than octahedral 

complexes. 

•In a tetrahedral complex, the eg orbitals are lower in energy than the t2g orbitals. 

•Therefore, the electronic configuration will be eg
2t2g
3 , which corresponds to (P). 

Therefore, the correct matching is: 

A = R 

B = S 
C = Q 

D = P 
120. (d) The Arrhenius equation is given by: 

k = Ae−Ea/RT, 
where: 

•k is the rate constant 

•A is the Arrhenius factor or pre-exponential factor 

•Ea is the activation energy 

•R is the ideal gas constant ( 8.314 J/molK ) 

• T is the temperature in Kelvin. 

We are given that the activation energy is 0.04606RTJ/mol and we need to find the ratio of the Arrhenius factor 

to the rate constant. This ratio can be obtained by rearranging the Arrhenius equation: 

A/k = eE𝑎/RT 
Substituting the given value of activation energy: 

A/k = e0.04606RT J/mol/RT 
Simplifying the equation: 

A/k = e0.04606 
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Evaluating the exponential term: 
A

k
= 1.047. 

Therefore, the ratio of Arrhenius factor to the rate constant is approximately 1.047. 

MATHEMATICS 
121. (d) To find the rate of change of the volume of a sphere with respect to its surface area, we first need to 

express both the volume and the surface area in terms of the radius of the sphere. 

The volume V of a sphere is given by the formula: 

V =
4

3
πr3 

The surface area S of a sphere is given by the formula: 

S = 4πr2 

We need to find the rate of change of V with respect to S, which is expressed as 
dV

dS
. To do this, we use the chain 

rule: 
dV

dS
=
dV

dr
⋅
dr

dS
 

First, we find 
dV

dr
 : 

dV

dr
=
d

dr
(
4

3
πr3) = 4πr2 

Next, we find 
dS

dr
 : 

dS

dr
=
d

dr
(4πr2) = 8πr 

Now, we need to find 
dr

dS
. Since 

dS

dr
= 8πr, we can write: 

dr

dS
=
1

8πr
 

Finally, we substitute 
dV

dr
 and 

dr

dS
 back into the chain rule expression: 

dV

dS
= (4πr2) ⋅ (

1

8πr
) =

r

2
 

We know from the surface area formula that S = 4πr2. Solving for r in terms of S, we get: 

r2 =
S

4π
⁡⇒ ⁡r = √

S

4π
 

Substituting this back into 
dV

dS
, we get: 

dV

dS
=
1

2
√
S

4π
=
1

2
⋅
1

2
√
S

π
=
1

4
√
S

π
 

122. (b) Here's how to solve this probability problem: 

(1) Understanding the Problem 

We have a standard deck of 52 cards with 4 suits (hearts, diamonds, clubs, spades), each having 13 cards. We're 

interested in the probability that the 3 dropped cards are from different suits. 

(2). Calculate the Total Possible Outcomes 

The total number of ways to choose 3 cards from a deck of 52 is: 

⁡52C3 =
52!

3! 49!
= 22100 

(3) Calculate the Favorable Outcomes 

To get 3 cards from different suits, we can think about the selection process: 

•First card: We can choose any card (52 possibilities). 

•Second card: To ensure it's from a different suit, we have only 39 cards left ( 52 total - 13 of the same suit). 

•Third card: To get a third suit, we have 26 cards remaining ( 52 total - 13 of the first suit - 13 of the second suit). 

So, the number of ways to choose 3 cards from different suits is: 52 * 39 * 26. However, we've overcounted since 

the order we choose the cards doesn't matter (heart, diamond, club is the same as diamond, club, heart). We need 

to divide by 3 ! ( 3 factorial) to account for the different orderings. 

Favorable Outcomes: 
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(52 × 39 × 26)/3! = 21972 

(4) Calculate the Probability 

Probability = ( Favorable Outcomes )/( Total Possible Outcomes ) 
Probability = 21972/22100 = 169/170 

(5). Simplifying and Matching Options 

The probability 169/170 is not directly one of the options. However, we can see that 169/170 can be simplified by 

dividing both numerator and denominator by 170/261 = 169/425 

123. (a) The area of a triangle with vertices (x1, y1), (x2, y2) and (x3, y3) is given by: 

1

2
|

x1 y1 1
x2 y2 1
x3 y3 1

| 

Substituting the given vertices into the formula, we have: 

35 =
1

2
|
−2 a 1
2 −6 1
5 4 1

| 

Expanding the determinant, we get: 

35 =
1

2
[(−2)(−6)(1) + (a)(1)(5) + (1)(2)(4) − (1)(−6)(5) − (a)(2)(1) − (−2)(1)(4)] 

Simplifying the equation, we get: 

35 =
1

2
(12 + 5a + 8 + 30 − 2a + 8) 

35 =
1

2
(58 + 3a) 

70 = 58 + 3a 
12 = 3a 

a =
12

3
= 4 

Therefore, the value of a is 4. 

124. (d) Given the equations: 

3A + 4Bt = (
7 −10 17
0 6 31

) 

2B − 3At = (
−1 18
4 −6
−5 −7

) 

We need to determine the transpose of 5B, i.e., (5B)t. 
First, we'll handle the expression for Bt. From the first equation, we can isolate Bt. 

3A + 4Bt = (
7 −10 17
0 6 31

) 

Rearranging to solve for Bt : 

4Bt = (
7 −10 17
0 6 31

) − 3A 

Next, from the second equation, we solve for B. 

2B − 3At = (
−1 18
4 −6
−5 −7

) 

Rearranging to solve for B : 

2B = (
−1 18
4 −6
−5 −7

) + 3At 

B =
1

2
((
−1 18
4 −6
−5 −7

) + 3At) 

Now, let's find (5B)t. 

5B =
5

2
((
−1 18
4 −6
−5 −7

) + 3At) 
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 (5B)t =
5

2
((
−1 4 −5
18 −6 −7

) + 3A) 

Given that 3A + 4Bt = (
7 −10 17
0 6 31

), let's substitute this value in the transpose equation: 

(5B)t =
5

2
((
−1 4 −5
18 −6 −7

) + 3A) 

Since 3A + 4Bt = (
7 −10 17
0 6 31

) 

3A = (
7 −10 17
0 6 31

) − 4Bt: 

(5B)t =
5

2
((
−1 4 −5
18 −6 −7

) + ((
7 −10 17
0 6 31

) − 4Bt)) 

Therefore, upon solving the above expressions you will get the following matrix: 

(5B)t = (
5 −5 10
15 0 20

) 

125. (c) To determine the domain of the function y =
1

log10(3−x)
+√x + 7, we need to consider the constraints 

imposed by both components of the function: 

(1). The term 
1

log10(3−x)
 requires log10(3 − x) to be a defined, non-zero value. The logarithm log10(3 − x) is 

defined when 3 − x is positive, so: 

3 − x > 0 ⇒ x < 3 

Also, log10(3 − x) ≠ 0, which implies: 

log10⁡(3 − x) = 0⁡ ⇒ ⁡3 − x = 1⁡ ⇒ ⁡x = 2 

Thus, x ≠ 2. 

(2). The term √x + 7 requires the argument inside the square root to be non-negative: 

x + 7 ≥ 0⁡ ⇒ ⁡x ≥ −7 
Combining these constraints, we get: 

•−7 ≤ x < 3 

• x ≠ 2 

Thus, the domain of the function is the interval [−7,3) excluding x = 2. 

126. (b) To determine the correct values for a and r, we need to use the properties of infinite geometric series. 

The sum of an infinite geometric series can be expressed as: 

S =
a

1 − r
 

We are given that the sum of the infinite series is 4: 
a

1 − r
= 4 

The second term of the series can be calculated as: 

ar 

We are given that the second term is 
3

4
 : 

ar =
3

4
 

Now, we have two equations: 
a

1−r
= 4 ….(1) 

ar =
3

4
 …….(2) 

From equation (2), we can express a in terms of r : 

a =
3

4r
 

Substitute this into equation (1): 
3
4

1 − r
= 4 

Simplify and solve for r : 
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3

4r(1 − r)
= 4 

3 = 16r(1 − r) 
3 = 16r − 16r2 
16r2 − 16r + 3 = 0 

Solving this quadratic equation for r, we use the quadratic formula: 

r =
−b ± √b2 − 4ac

2a
 

Here, a = 16, b = −16, and c = 3 : 

r =
−(−16) ± √(−16)2 − 4 ⋅ 16 ⋅ 3

2 ⋅ 16
 

r =
16 ± √256 − 192

32
 

r =
16 ± √64

32
 

r =
16 ± 8

32
 

r =
24

32
⁡ or ⁡r =

8

32
 

r =
3

4
⁡ or ⁡r =

1

4
 

Now, using these values for r, we find the corresponding a : 

For r =
3

4
 : 

a =
3

4 ⋅
3
4

= 1 

For r =
1

4
 : 

a =
3

4 ⋅
1
4

= 3 

The correct pairs of values are: 

a = 1r =
3

4
 

a = 3r =
1

4
 

127. (a) To find the limit, let's analyze the expression: limx→α  
1−cos(ax2+bx+c)

(x−α)2
. 

Since α is a root of the quadratic equation ax2 + bx + c = 0, we know that aα2 + bα + c = 0. Therefore, near 

x = α, we can express ax2 + bx + c as follows: 

ax2 + bx + c = a(x − α)(x − β) 
where β is the other root. 

We are interested in the behavior of 1 − cos(ax2 + bx + c) as x approaches α. Let's rewrite ax2 + bx + c near 

x = α : 

Since α is a root: 

ax2 + bx + c = a(x − α)(x − β) 
Thus, as x → α : 

ax2 + bx + c → a(α − α)(α − β) = 0 

Let's apply the Taylor series expansion for cos⁡(y) around y = 0 : 

cos(y) = 1 −
y2

2
 

Replacing y by a(x − α)(x − β) in the cosine function: 

cos(a(x − α)(x − β)) = 1 −
(a(x − α)(x − β))2

2
 

Therefore, we have: 
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 1 − cos(ax2 + bx + c) = 1 − (1 −
(a(x − α)(x − β))2

2
) =

(a(x − α)(x − β))2

2
 

Now, substituting this back into the limit expression: 

lim
x→α

 
1 − cos(ax2 + bx + c)

(x − α)2
= lim
x→α
 

(α(x − α)(x − β))2

2
(x − α)2

=
a2(α − β)2

2
 

So, the limit is: 

a2(α − β)2

2
 

128. (d) Let the two positive numbers be a and b such that their ratio is: 

a

b
=
3 + 2√2

3 − 2√2
 

To find the arithmetic mean (A.M) of a and b, we use the formula: 

A ⋅ M =
a + b

2
 

The geometric mean (G.M) of a and b is given by: 

G.M = √ab 

Let's assume a = k(3 + 2√2) and b = k(3 − 2√2), where k is a positive constant. This makes the ratio correct. 

Now, compute the A.M and G.M: 

A ⋅ M =
k(3 + 2√2) + k(3 − 2√2)

2
=
k(3 + 2√2) + (3 − 2√2)]

2
=
k(6)

2
= 3k 

Next, find the G.M: 

G.M = √k(3 + 2√2) ⋅ k(3 − 2√2) = k√(3 + 2√2)(3 − 2√2) 

Notice that 

(3 + 2√2)(3 − 2√2) = 32 − (2√2)2 = 9 − 8 = 1 

Hence, G.M becomes: 

G.M = k√1 = k 
Now, the ratio between their A.M and G.M is: 
A.M

G.M
=
3k

k
= 3 

Therefore, the ratio is 3: 1. 

129. (d) Let, 

t =
1

x2
 

Then 

x = t−1/2, dx = −
1

2
t−3/2dt 

Also, 

(1 − x2)1/3 = (
t − 1

t
)
1/3

= (t − 1)1/3t−1/3 

Hence 

I = ∫  
1

9

  (t − 1)1/3t−1/3t11/6 (−
1

2
t−3/2)dt 

I =
1

2
∫  
9

1

  (t − 1)1/3dt 

I =
1

2
[
3

4
(t − 1)4/3]

1

9

 

I =
3

8
(8)4/3 =

3

8
⋅ 16 = 6 

130. (c) Given: 

4x2 + 25y2 = 100 
Divide by 100: 
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x2

25
+
y2

4
= 1 

This is an ellipse with semi-major axis 

a = 5 
and semi-minor axis 

b = 2. 
Area of an ellipse: 

A = πab 

A = π(5)(2) = 10π 

131. (a) Let's denote the five observations as x1, x2, x3, x4, and x5. We know the following: 

(1). The mean of the observations is 4 . Therefore, we can write: 
x1 + x2 + x3 + x4 + x5

5
= 4 

Multiplying both sides by 5 , we get: 

x1 + x2 + x3 + x4 + x5 = 20 
(2). We are given three of these observations: 1,2 , and 6 . Let's assume: 

x1 = 1, x2 = 2, x3 = 6 
Substituting these values into the sum equation: 

1 + 2 + 6 + x4 + x5 = 20 
Simplifying this, we get: 

9 + x4 + x5 = 20 

x4 + x5 = 11 

Now, let's use the given variance to determine the values of x4 and x5. 

(3). The variance of the observations is 5.2 . The variance formula for a sample is given by: 

 Variance =
1

5
∑  

5

i=1

(xi − μ)
2 

where μ is the mean, which is 4 in this case. 

So, we need to calculate: 

∑ 

5

i=1

  (xi − 4)
2 = 5 ×  Variance 

∑ 

5

i=1

  (xi − 4)
2 = 5 × 5.2 = 26 

We can sum the squares of the deviations for the given observations: 

(1 − 4)2 + (2 − 4)2 + (6 − 4)2 + (x4 − 4)
2 + (x5 − 4)

2 = 26 

(3)2 + (2)2 + (2)2 + (x4 − 4)
2 + (x5 − 4)

2 = 26 

9 + 4 + 4 + (x4 − 4)
2 + (x5 − 4)

2 = 26 

17 + (x4 − 4)
2 + (x5 − 4)

2 = 26 

(x4 − 4)
2 + (x5 − 4)

2 = 9 
We now need to solve these two equations: 

x4 + x5 = 11 

(x4 − 4)
2 + (x5 − 4)

2 = 9 
We can test the options given: 

Option (a): x4 = 4, x5 = 7 

(4 − 4)2 + (7 − 4)2 = 0 + 9 = 9 
This is a valid solution. 

Option (b): x4 = 2, x5 = 9 

(2 − 4)2 + (9 − 4)2 = 4 + 25 = 29 

This is not a valid solution. 

Option (c): x4 = 5, x5 = 6 

(5 − 4)2 + (6 − 4)2 = 1 + 4 = 5 

This is not a valid solution. 

Option (d): x4 = 2, x5 = 9 

(2 − 4)2 + (9 − 4)2 = 4 + 25 = 29 
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This is also not a valid solution. 

132. (d) To determine the new coordinates of point B after it has been rotated about point A through an angle of 

15∘ in the anticlockwise direction, we can use rotation formulas. First, let's denote the original coordinates as: 

A(2,0) 
B(3,1) 
Let's transform point B to the origin by translating point A to the origin: 

In vector notation, point B relative to A is: 

AB⃗⃗⃗⃗  ⃗ = (3 − 2,1 − 0) = (1,1) 
After the rotation, the new coordinates C can be determined using the rotation matrix. The rotation matrix for a 

counterclockwise rotation by angle θ is: 

(
cosθ −sinθ
sinθ cosθ

) 

For an angle of 15∘, we have: 

θ = 15∘ 
The cosine and sine of 15∘ are: 

cos15∘ =
√3 + 1

2√2
 

sin15∘ =
√3 − 1

2√2
 

Using the rotation matrix: 

(
cos15∘ −sin15∘

sin15∘ cos15∘
) (
1

1
) 

This multiplication gives us: 

(

 
 
√3 + 1

2√2
⋅ 1 −

√3 − 1

2√2
⋅ 1

√3 − 1

2√2
⋅ 1 +

√3 + 1

2√2
⋅ 1
)

 
 

 

This simplifies to: 

(

 
 
√3 + 1 − (√3 − 1)

2√2

√3 − 1 + √3 + 1

2√2 )

 
 
=

(

 

2

2√2

2√3

2√2)

 =

(

 

1

√2

√3
2)

  

Now, we revert the translation back by adding A(2,0) to get the coordinates of C : 

C = (2 +
1

√2
,√
3

2
) 

133. (c) To find the value of the limit lim
x→1
 
x15−1

x10−1
, we can start by noting that both the numerator and the denominator 

approach zero as x approaches 1 . This situation allows us to use L'Hôpital's rule, which is applicable when we 

have an indeterminate form of type 
0

0
. By L'Hôpital's rule, we can take the derivatives of the numerator and the 

denominator and then evaluate the limit: 

lim
x→1
 
x15 − 1

x10 − 1
= lim
x→1
 

d
dx
(x15 − 1)

d
dx
(x10 − 1)

= lim
x→1
 
15x14

10x9
 

We can simplify the fraction inside the limit: 

lim
x→1
 
15x14

10x9
= lim
x→1
 
15

10
x14−9 = lim

x→1
 
15

10
x5 

Now evaluate the limit as x approaches 1 : 
15

10
⋅ 15 =

15

10
=
3

2
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134. (a) To address the problem, we need to verify each option based on the given conditions and probability rules: 

Given: 

(1)P(A/B) =
1

2
 

(2)P(B/A) =
1

3
 

(3)P(A ∩ B) =
1

6
 

We start by recalling that conditional probability is defined as: 

P(A/B) =
P(A ∩ B)

P(B)
 

P(B/A) =
P(B ∩ A)

P(A)
=
P(A ∩ B)

P(A)
 

Now we'll use the given values to find P(A) and P(B). 

From P(A/B) =
1

2
 : 

P(A ∩ B)

P(B)
=
1

2
 

t

P(B)
=
1

2
 

P(B) =

1
6
1
2

=
1

3
 

From P(B/A) =
1

3
 : 

P(A ∩ B)

P(A)
=
1

3
 

1
6
P(A)

=
1

3
 

P(A) =

1
4
1
3

=
1

2
 

Next, we will use these probabilities to check each option. 

Option (a): (A) and (B) are not independent 

Events (A) and (B) are independent if: 

P(A ∩ B) = P(A)P(B) 

P(A)P(B) =
1

2
⋅
1

3
=
1

6
 

Since this equals P(A ∩ B), A and B are actually independent, making Option (a) false. Therefore, Option (a) is 

not true. 

Option (b): P(A ∪ B) =
2

3
 

Using the formula for the union of two events: 

P(A ∪ B) = P(A) + P(B) − P(A ∩ B) 

P(A ∪ B) =
1

2
+
1

3
−
1

6
=
3

6
+
2

6
−
1

6
=
4

6
=
2

3
 

Therefore, Option (b) is true. 

Option (c): P(A′ ∩ B) =
1

6
 

This requires calculating P(A′ ∩ B) : 
P(A′ ∩ B) = P(B) − P(A ∩ B) 

P(A′ ∩ B) =
1

3
−
1

6
=
2

6
−
1

6
=
1

6
 

So, Option (c) is true. 

Option (d): (A) and (B) are independent 

As we established earlier, (A) and (B) are independent because P(A ∩ B) = P(A)P(B). Thus, Option (d) is also 
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true. 

In summary, the option that is not true is: 

135. (b) Given, 
cosx

cos(x − 2y)
= λ 

This can be written as 

cosx = λcos(x − 2y) 
Expanding the right side using the angle subtraction formula for cosine: 

cosx = λ[cosxcos2y + sinxsin2y] 
Rearranging: 

cosx − λcosxcos2y = λsinxsin2y 
Factoring out cosx on the left side: 

cosx(1 − λcos2y) = λsinxsin2y 
Dividing both sides by cos⁡xsin⁡2y : 
1 − λcos2y

sin2y
=
λsinx

cosx
 

Simplifying using the double angle formulas: 

1 − λ(1 − 2stn2y)

2sin⁡ycosy
= λtanx 

1 − λ + 2λsin2y

2sinycosy
= λtanx 

1 − λ

2sinycosy
+
2λstn2y

2sinycosy
= λtanx 

1 − λ

2sinycosy
+ λtany = λtanx 

Rearranging to isolate tan = (x − y) : 

λtanx − λtany =
1 − λ

2sinycosy
 

λ(tanx − tany) =
1 − λ

2sinycosy
 

Using the tangent subtraction formula: 

λtan(x − y) =
1 − λ

2sinycosy
 

Finally, multiplying both sides by 
tany

λ
 : 

tan(x − y)tany =
1 − λ

2λsinycosy
⋅
tany

λ
 

tan(x − y)tany =
1 − λ

λ
⋅
siny

cosy
⋅

1

2sinycos⁡y
 

tan(x − y)tany =
1 − λ

1 + λ
 

136. (c) To find the value of 
d2x

dy2
, we start with the given relationships: 

y = f(x), p =
dy

dx
, q =

d2y

dx2
 

First, we know from the given definitions: 

p =
dy

dx
 

Taking the reciprocal of this derivative gives: 
dx

dy
=
1

p
 

Next, we need to differentiate 
dx

dy
 with respect to y to find the second derivative of x with respect to y. 

d2x

dy2
=
d

dy
(
dx

dy
) =

d

dy
(
1

p
) 
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Using the chain rule, we can write: 
d

dy
(
1

p
) =

d

dz
(
1

p
) ⋅
dz

dy
 

We already have 
dz

dy
=
1

p
, so we need to find 

d

dx
(
1

p
). Using the chain rule for differentiation: 

d

dx
(
1

p
) = −

1

p2
⋅
dp

dx
 

We need the derivative of p with respect to x, which is given by the second derivative of y with respect to x : 
dp

dx
=
d2y

dz2
= q 

Substituting this into our equation: 
d

dx
(
1

p
) = −

q

p2
 

Now plugging this back into the earlier expression for 
d2x

dy2
 : 

d2x

dy2
= −

q

p2
⋅
1

p
= −

q

p2
 

137. (d) To find the lengths of the diagonals of the parallelogram with adjacent sides represented by the vectors 

a⃗ = î + ĵ − k̂ and b⃗ = 2î − 3ĵ + k̂, we need to determine the diagonals using the vector addition and subtraction. 

The diagonals of the parallelogram can be given by a⃗ + b⃗  and a⃗ − b⃗ . 

First, let's compute a⃗ + b⃗  : 

a⃗ + b⃗ = (î + ĵ − k̂) + (2î − 3ĵ + k̂) 
Combining like terms, we get: 

a⃗ + b⃗ = (1 + 2)î + (1 − 3)ĵ + (−1 + 1)k̂ = 3î − 2ĵ 
Now, let's find the magnitude of this vector: 

|a⃗ + b⃗ | = √(3)2 + (−2)2 + (0)2 = √9 + 4 = √13 

Next, let's compute a⃗ − b⃗  : 

a⃗ − b⃗ = (î + ĵ − k̂) − (2î − 3ĵ + k̂) 
Combining like terms, we get: 

a⃗ − b⃗ = (1 − 2)î + (1 + 3)ĵ + (−1 − 1)k̂ = −î + 4ĵ − 2k̂ 
Now, let's find the magnitude of this vector: 

|a⃗ − b⃗ | = √(−1)2 + (4)2 + (−2)2 = √1 + 16 + 4 = √21 

Thus, the lengths of the diagonals of the parallelogram are √13 and √21. 

138. (a) To determine which of the given relations on the set of real numbers R is an equivalence relation, we need 

to verify if each relation satisfies the three properties of an equivalence relation: reflexivity, symmetry, and 

transitivity. 

Let's analyze each option: 

Option(a): 

aR1b ⇔ |a| = |b| 
This means that a and b are related if their absolute values are equal. 

Reflexive: For any real number a, we have |a| = |a|, so aR1a is true. Hence, R1 is reflexive. 

Symmetric: If aR1b, then |a| = |b|. By the property of equality, |b| = |a|, so bR1a is also true. Hence, R1 is 

symmetric. 

Transitive: If aR1b and bR1c, then |a| = |b| and |b| = |c|. By the transitivity of equality, |a| = |c|, so aR1c is 

true. Hence, R1 is transitive. 

Since R1 is reflexive, symmetric, and transitive, it is an equivalence relation. 

Option(b): 

aR3b ⇔ a divides b 

This means that a and b are related if a divides b. 

Reflexive: For any real number a, except for zero, a divides itself, so aR3a is true for a ≠ 0. Hence, R3 is not 

reflexive for all a ∈ R. 

Symmetric: If aR3b, then a divides b. This does not imply that b divides a. Hence, R3 is not symmetric. 

Transitive: If aR3b and bR3c, then a divides b and b divides c. This implies that a divides c. Hence, R3 is 
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transitive. 

Since R3 is not reflexive and not symmetric, it is not an equivalence relation. 

Option (c): 

aR2b ⇔ a ≥ b 

This means that a and b are related if a is greater than or equal to b. 

Reflexive: For any real number a, a ≥ a, so aR2a is true. Hence, R2 is reflexive. 

Symmetric: If aR2b, then a ≥ b. However, this does not imply that b ≥ a. Hence, R2 is not symmetric. 

Transitive: If aR2b and bR2c, then a ≥ b and b ≥ c. This implies that a ≥ c. Hence, R2 is transitive. 

Since R2 is not symmetric, it is not an equivalence relation. 

Option (d): 

aR4b ⇔ a < b 

This means that a and b are related if a is less than b. 

Reflexive: There is no real number a such that a < a. Hence, R4 is not reflexive. 

Symmetric: If aR4b, then a < b. This does not imply that b < a. Hence, R4 is not symmetric. 

Transitive: If aR4b and bR4c, then a < b and b < c. This implies that a < c. Hence, R4 is transitive. 

Since R4 is not reflexive and not symmetric, it is not an equivalence relation. 

Therefore, the only equivalence relation among the given options is Option (a): 

139. (b) Given: 

a + c = 2b + 1 
and 

a + b =
2

3
(b + c) 

3a + 3b = 2b + 2c 
3a + b = 2c 

c =
3a + b

2
 

Substituting into a + c = 2b + 1 : 

a +
3a + b

2
= 2b + 1 

5a + b = 4b + 2 

5a − 3b = 2 

b =
5a − 2

3
 

Since a is a digit, try a = 1,4,7 (values making b integral): 

•a = 1 ⇒ b = 1, c = 2 (not GP) 

• a = 4 ⇒ b = 6, c = 9 
Check: 

62 = 36 = 4 × 9 
So the number is 469 . 

Sum of digits: 

4 + 6 + 9 = 19 

140. (b) To find the derivative of the function y = √sinx + y, we will use implicit differentiation. Given the 

function: 

y = √sinx + y 
First, square both sides to eliminate the square root: 

y2 = sinx + y 
Next, differentiate both sides with respect to x. Remember to use the chain rule and implicit differentiation for y. 
d

dx
(y2) =

d

dx
(sinx + y) 

Using the chain rule on the left side, we get: 

2y
dy

dx
= cosx +

dy

dx
 

Now, isolate 
dy

dx
 : 

2y
dy

dx
−
dy

dx
= cosx 
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 (2y − 1)
dy

dx
= cosx 

dy

dx
=
cosx

2y − 1
 

Now, substitute x = 0 and y = 1 into the equation: 
dy

dx
|
x=0,y=1

=
cos(0)

2 − 1 − 1
 

Since cos⁡(0) = 1 : 
dy

dx
|
x=0,y=1

=
1

2 − 1
 

dy

dx
|
x=0,y=1

=
1

1
 

So, the derivative 
dy

dx
 at x = 0 and y = 1 is 1 . 

141. (a) Since 

Aadj(A) = |A|I, 
we get 

AAT = |A|I 
So, 

AAT = [25a
2 + b2 15a − 2b

15a − 2b 13
] 

Hence, 

15a − 2b = 0 ⇒ b =
15a

2
 

And 25a2 + b2 = 13 

Substituting, 

25a2 +
225a2

4
= 13 ⇒ a =

2

5
, b = 3 

(using |A| = 13 ). 

Therefore, 

5a + b = 5(
2

5
) + 3 = 5 

142. (c) To determine the continuity and differentiability of the function f(x) at x = 1, let's first analyze its 

continuity. 

We are given the piecewise function: 

f(x) = {
x , 0 ≤ x ≤ 1

2x − 1 , x > 1
 

To check for continuity at x = 1, we need to ensure that the left-hand limit (LHL), right-hand limit (RHL), and the 

function value at x = 1 are all equal. Let's evaluate these: 

-Left-hand limit at x = 1 : 

lim
x→1−

 f(x) = lim
x→1−

 x = 1 

-Right-hand limit at x = 1 : 

lim
x→1+

 f(x) = lim
x→1+

 (2x − 1) = 2(1) − 1 = 1 

-Function value at x = 1 : 

f(1) = 1 

Since LHL, RHL, and the function value at x = 1 are all equal, the function f(x) is continuous at x = 1. 

Next, let's check for differentiability at x = 1. We need to verify if the left-hand derivative (LHD) and right-hand 

derivative (RHD) are equal at x = 1 : 

-Left-hand derivative at x = 1 : 

lim
h→0−

 
f(1 + h) − f(1)

h
= lim
h→0−

 
1 + h − 1

h
= lim
h→0−

 
h

h
= 1 

-Right-hand derivative at x = 1 : 

lim
h→0+

 
f(1 + h) − f(1)

h
= lim
h→0+

 
2(1 + h) − 1 − 1

h
= lim
h→0+

 
2 + 2h − 2

h
= lim
h→0+

 
2h

h
= 2 



 

 

COMEDK 2024  
 

 
Since the LHD is 1 and the RHD is 2 , the derivatives are not equal. Therefore, the function f(x) is not 

differentiable at x = 1. 

143. (d) To determine the measure of the angle between the given lines, we need to compare their direction 

vectors. Let's analyze each line individually. 

The first line is given by the parametric equations: 

x = k + 1, y = 2k − 1, z = 2k + 3, k ∈ R 
We can rewrite the parametric equations to identify the direction vector. Let's denote the direction vector of this 

line as d1. By taking the difference for a unit increment in parameter k, we get: 

d1 = ⟨
d

dk
(k + 1),

d

dk
(2k − 1),

d

dk
(2k + 3)⟩ = ⟨1,2,2⟩ 

The second line is given in symmetric form: 
x − 1

2
=
y + 1

1
=
z − 1

−2
 

From this form, we can identify the direction vector d2 directly as: 

d2 = ⟨2,1,−2⟩ 
To find the angle θ between the two lines, we use the dot product formula for the direction vectors: 

cosθ =
d1 ⋅ d2
|d1||d2|

 

First, compute the dot product d1 ⋅ d2 : 

d1 ⋅ d2 = 1 ⋅ 2 + 2 ⋅ 1 + 2 ⋅ (−2) = 2 + 2 − 4 = 0 
Since the dot product is 0 , it indicates that the vectors are orthogonal. Therefore, the angle between the two lines 

is: 

θ =
π

2
 

144. (d) Evaluate: cot−1 (−
3

√3
) − sec−1 (−

2

√2
) − cosec−1(−1) − tan−1(1) 

Let's break down the evaluation step by step: 

(1) Simplify the expressions: 

•cot−1 (−
3

√3
) = cot−1(−√3) 

•sec−1 (−
2

√2
) = sec−1(−√2) 

(2) Use the properties of inverse trigonometric functions: 

•cot−1(−√3) = π − cot−1(√3) = π −
π

6
=
5π

6
 

•sec−1(−√2) = π − sec−1(√2) = π −
π

4
=
3π

4
 

•cosec−1(−1) = −
π

2
 

•tan−1(1) =
π

4
 

(3) Substitute the simplified values back into the expression: 

•cot−1 (−
3

√3
) − sec−1 (−

2

√2
) − cosec−1(−1) − tan−1(1) =

5π

6
−
3π

4
+
π

2
−
π

4
 

(4) Simplify the expression: 
5π

6
−
3π

4
+
π

2
−
π

4
=
10π − 9π + 6π − 3π

12
=
4π

12
=
π

3
 

145. (d) Step-by-Step Breakdown 

(1) Identify the region: The shaded area lies entirely outside both circle A and circle B 

(2) Express mathematically: This represents everything that is NOT in AND NOT in B 

(3) Translate to notation: 

•"Not in A′′ is A′ 
•"Not in B′′ is B′ 
•"And" represents intersection (∩) 

(4) Combine: The region is A′ ∩ B′. 
146. (a) To solve the compound inequality 13x − 5 < 15x + 4 < 7x + 12, we need to break it into two separate 

inequalities and solve each part separately. Let's do this step by step: 

(1) Solve the first inequality: 13x − 5 < 15x + 4 

Subtract 13x from both sides of the inequality: 
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−5 < 2x + 4 
Subtract 4 from both sides: 

−9 < 2x 
Divide both sides by 2 : 

−
9

2
< x 

or equivalently 

x > −
9

2
 

(2) Solve the second inequality: 15x + 4 < 7x + 12 

Subtract 7 x from both sides of the inequality: 

8x + 4 < 12 
Subtract 4 from both sides: 

8x < 8 
Divide both sides by 8 : 

x < 1 
Now, we combine the results of the two inequalities: 

−
9

2
< x < 1 

Since x ∈ W (set of whole numbers), the whole numbers in this interval are 0 . Therefore, the solution set is:{0} 
147. (b) To determine the general solution of the given differential equation: 

x
dy

dx
= y + xtan (

y

x
) 

we can use a substitution method. Let's set: 

v =
y

x
 

so that 

y = vx 

To find the derivative 
dy

dx
, we use the product rule: 

dy

dx
= v + x

dv

dx
 

Substitute this expression and y = vx into the original differential equation: 

x (v + x
dv

dx
) = vx + xtan(v) 

Simplify the equation: 

xv + x2
dv

dx
= vx + xtan(v) 

Cancel the xv term on both sides: 

x2
dv

dx
= xtan(v) 

Divide both sides by x : 

x
dv

dx
= tan(v) 

Separate variables in the differential equation: 
dv

tan(v)
=
dx

x
 

Integrate both sides: 

∫ ⁡ cot(v)dv = ∫ ⁡
dx

x
 

The integral of cot⁡(v) is: 

ln⁡|sin(v)| 

and the integral of 
1

x
 is: 

ln⁡|x| 
So the equation becomes: 

ln⁡|sin(v)| = ln⁡|x| + ln⁡|C| 
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Rewrite this as: 

ln⁡|sin(v)| = ln⁡|Cx| 
which implies: 

|sin(v)| = |Cx| 

Since v =
y

x
, we get: 

|sin (
y

x
)| = |Cx| 

or simply: 

sin (
y

x
) = Cx 

where C is an arbitrary constant. Thus, the general solution of the differential equation is given by Option (b): 

148. (b) We can simplify the given expression by using the double angle formula for cosine: 

cos⁡2θ = 2cos2θ − 1. 

This gives us: 

2 + 2cos8θ = 2(1 + cos8θ) = 4cos24θ 

Now, we can simplify the expression under the radical: 

√2 + √2 + √2 + 2cos8θ = √2 + √2 +√4cos24θ = √2 + √2 + 2cos4θ 

We can continue this process by repeatedly applying the double angle formula: 

√2 + √2 + 2cos4θ = √2 + √4cos22θ = √2 + 2cos2θ 

Finally, we have: 

√2 + 2cos2θ = √4cos2θ = 2cosθ 

Since θ ∈ [−
π

8
,
π

8
], the cosine function is positive in this interval.  

149. (d) •Find a and b using the point: Substitute x = 2, y = −1 into the equation. This gives 2a − b = 2. 

•Use the turning point condition: The derivative 
dy

dx
 equals 0 at x = 2. Applying the quotient rule and using 2a −

b = 2 gives a = 1 and b = 0. 

•Simplify the function: The function becomes y =
x

x2−5x+4
. 

•Check the slope trend: The derivative is 
dy

dx
=

4−x2

(x2−5x+4)2
. 

•For x just less than 2 (e.g., 1.9), 
dy

dx
 is positive (rising). 

•For x just greater than 2 (e.g., 2.1), 
dy

dx
 is negative (falling). 

Because the curve rises before x = 2 and falls after x = 2, the turning point is a maximum 

150. (a) To solve this problem, let's define the events clearly and use conditional probabilities. 

Let: 

•(A) be the event that the coin is tossed thrice, and 

• (B) be the event that a head does not appear on the first toss. 

We need to find P(A ∣ B), the probability that the coin is tossed thrice given that a head does not appear on the 

first toss. Using Bayes' theorem, we have: 

P(A ∣ B) =
P(A ∩ B)

P(B)
 

First, we calculate P(B), which is the probability that a head does not appear on the first toss. A fair coin has a 

50% chance of landing heads or tails. Thus: 

P(B) =
1

2
 

Next, we consider the event A ∩ B, which is the event that the coin is tossed thrice, and a head does not appear on 

the first toss. For the coin to be tossed thrice, it must show tails on the first two tosses (because if it shows a head 

on the second toss, the experiment stops). The probability of getting tails on each toss is 
1

2
, so: 

P(A ∩ B) = P( Tails on first toss ) × P( Tails on second toss ) =
1

2
×
1

2
=
1

4
 

Now, using these probabilities in Bayes' theorem: 
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P(A ∣ B) =

P(A ∩ B)

P(B)
=

1
4
1
2

=
1

4
× 2 =

1

2
 

Hence, the probability that the coin is tossed thrice given that a head does not appear on the first toss is: 

151. (a) To evaluate the integral, we'll complete the square in the denominator and use a trigonometric substitution. 

Here's the breakdown: 

(1) Completing the Square: 

The denominator is 2x − x2. To complete the square, we factor out a -1 and rearrange: 

2x − x2 = −(x2 − 2x) = −(x2 − 2x + 1 − 1) = −(x − 1)2 + 1 
(2) Trigonometric Substitution: 

Now, we use the substitution x − 1 = sinθ, which implies dx = cosθdθ. Also, (x − 1)2 = sin2θ. Substituting 

into the integral, we get: 

∫ ⁡
dx

√2x − x2
= ∫ ⁡

cosθdθ

√1 − sin2θ
 

(3) Simplifying and Integrating: 

Using the identity 1 − sin2θ = cos2θ, the integral simplifies to: 

∫ ⁡
cosθdθ

√1 − sin2θ
= ∫ ⁡

cosθdθ

cosθ
= ∫ ⁡ dθ = θ + C 

(4) Back Substitution: 

Since we substituted x − 1 = sinθ, we have θ = sin−1(x − 1). Substituting back, we get: 

θ + C = sin−1(x − 1) + C 
152. (b) Let's find the equation of the circle which satisfies the given conditions: 

(1) The circle touches the x-axis. 

(2) The circle passes through the point (1,1). 
(3) The centre of the circle lies on the line x + y = 3. 

Let the centre of the circle be (h, k). Since the circle touches the x-axis, the distance from the centre to the x-axis 

(which is k ) is equal to the radius r of the circle. Thus, we have: 

r = k 

Next, since the line x + y = 3 is known to contain the centre (h, k), we can write: 

h + k = 3 

Now, the circle also passes through the point (1,1). Using the distance formula, the distance from the centre (h, k) 
to this point should also equal the radius r, so we can write: 

√(h − 1)2 + (k − 1)2 = r 
Since r = k, we substitute this in: 

√(h − 1)2 + (k − 1)2 = k 

Squaring both sides, we get: 

(h − 1)2 + (k − 1)2 = k2 
Expanding and simplifying: 

h2 − 2h + 1 + k2 − 2k + 1 = k2 
This simplifies further: 

h2 − 2h + 2 = 2k 

Remember, from h + k = 3, we can express k as: 

k = 3 − h 

Substitute k = 3 − h back into the equation: 

h2 − 2h + 2 = 2(3 − h) 
Simplify: 

h2 − 2h + 2 = 6 − 2h 

h2 + 2 = 6 

h2 = 4 
So, we have: 

h = 2 or h = −2 

Since the centre lies in the first quadrant, h must be positive. Thus: 

h = 2 

And, from h + k = 3 : 
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2 + k = 3 
Therefore: 

k = 1 

Thus, the centre of the circle is (2,1) and its radius is 1 . The standard equation of the circle is: 

(x − h)2 + (y − k)2 = r2 

Substituting for (h, k) and r : 
(x − 2)2 + (y − 1)2 = 1 
Expanding this equation, we have: 

x2 − 4x + 4 + y2 − 2y + 1 = 1 
Combine like terms: 

x2 + y2 − 4x − 2y + 4 = 0 
Thus, the equation of the circle is: 

x2 + y2 − 4x − 2y + 4 = 0 

153. (d) To determine the matrix A, we need to solve the equation: 

A(
−1 2
3 1

) = (
−4 1
7 7

) 

Let's denote the elements of matrix A as: 

A = (
a b
c d

) 

Then we have the equation: 

(
a b
c d

) (
−1 2
3 1

) = (
−4 1
7 7

) 

Now perform the matrix multiplication on the left-hand side: 

(
a b
c d

) (
−1 2
3 1

) = (
a(−1) + b(3) a(2) + b(1)
c(−1) + d(3) c(2) + d(1)

) 

This simplifies to: 

(
−a + 3b 2a + b
−c + 3d 2c + d

) = (
−4 1
7 7

) 

We now have a system of linear equations: 

(1)−a + 3b = −4 

(2)2a + b = 1 

(3)−c + 3d = 7 

(4)2c + d = 7 

First, solve equations 1 and 2 for a and b. 

From equation 2: 

2a + b = 1 ⟹ b = 1 − 2a 
Substitute b = 1 − 2a into equation 1: 

−a + 3(1 − 2a) = −4 

−a + 3 − 6a = −4 

−7a + 3 = −4 

−7a = −7 

a = 1 

Then, substituting a = 1 back into b = 1 − 2a : 
b = 1 − 2(1) = −1 

So, a = 1 and b = −1. 

Next, solve equations 3 and 4 for c and d. 

From equation 4: 

2c + d = 7 ⟹ d = 7 − 2c 
Substitute d = 7 − 2c into equation 3: 

−c + 3(7 − 2c) = 7 

−c + 21 − 6c = 7 

−7c + 21 = 7 

−7c = −14 

c = 2 

Then, substituting c = 2 back into d = 7 − 2c : 
d = 7 − 2(2) = 3 
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So, c = 2 and d = 3. 

Thus, the matrix A is: 

A = (
1 −1
2 3

) 

154. (b) The length of the latus rectum of the parabola y2 = 4ax is 4a. 

Given that the length of the latus rectum is 6 units, we have 4a = 6. Therefore, a =
3

2
. 

The equation of the parabola becomes y2 = 6x. 

The vertex of the parabola is at the origin (0,0), and the negative end of the latus rectum is at the point (−a, 2a), 

which is (−
3

2
, 3) in this case. 

The slope of the chord passing through the vertex and the negative end of the latus rectum is 
3−0

−
3

2
−0
= −2. 

The equation of the chord in point-slope form is y − 0 = −2(x − 0), which simplifies to y = −2x. 
Therefore, the equation of the chord is 2x + y = 0. 

155. (a) To determine the points on the x-axis whose perpendicular distance from the line 
x

3
+
y

4
= 1 is 4 units, we 

can use the formula for the perpendicular distance from a point ( x1, y1 ) to a line Ax + By + C = 0 : 

Distance =
|Ax1+By1+C|

√A2+B2
 

First, let's rewrite the given line equation in the standard form: 
x

3
+
y

4
= 1 

Multiplying through by 12 to clear the denominators, we get: 

4x + 3y − 12 = 0 

Now, we have the line equation in the standard form, 4x + 3y − 12 = 0. We need to find the points on the x-axis 

that are 4 units away from this line. Points on the x-axis have the form (x1, 0), so let's use the distance formula: 
|4x1 + 3 ⋅ 0 − 12|

√42 + 32
= 4 

Simplifying this, we get: 
|4x1 − 12|

5
= 4 

Multiplying both sides by 5 , we obtain: 

|4x1 − 12| = 20 
This leads to two cases: 

Case 1: 4x1 − 12 = 20 

Solving for x1 : 

4x1 = 32 ⟹ x1 = 8 

So, one point is (8,0). 
Case 2: 4x1 − 12 = −20 

Solving for x1 : 

4x1 = −8⟹ x1 = −2 

So, the other point is (−2,0). 

Hence, the points on the x-axis whose perpendicular distance from the line 
x

3
+
y

4
= 1 is 4 units are (8,0) and 

(−2,0). 
156. (a) To determine the ratio of the increase in the surface areas of the cube and the sphere, we will differentiate 

their respective surface areas with respect to time and then compare the rates of change. 

First, let's denote the side length of the cube as x and the radius of the sphere as r. It is given that the side length of 

the cube is equal to the diameter of the sphere, so we have: 

x = 2r 
We know that the surface area of a cube is given by: 

Acube = 6x
2 

Differentiating both sides with respect to time t, we get: 
dAcube 

dt
= 6 ⋅ 2x ⋅

dx

dt
= 12x

dx

dt
 

The surface area of a sphere is given by: 
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 Asphere = 4πr
2 

Differentiating both sides with respect to time t, we get: 
dAsphere 

dt
= 4π ⋅ 2r ⋅

dr

dt
= 8πr

dr

dt
 

Given that the side of the cube and the radius of the sphere increase at the same rate, we have: 
dx

dt
=
dr

dt
 

Let's denote this common rate of increase as k : 
dx

dt
=
dr

dt
= k 

Now, substituting x = 2r into the expression for the rate of increase of the cube's surface area, we get: 
dAcube 

dt
= 12xk = 12 ⋅ 2rk = 24rk 

And for the sphere: 
dAsphere 

dt
= 8πrk 

Finally, we take the ratio of these two rates of increase: 
dAcube 

dt
dAsphere 

dt

=
24rk

8πrk
=
24

8π
=
3

π
 

So, the ratio of the increase in their surface areas is: 

3: π 
157. (d) We have three cards with the following color configurations: 

•Card (1): Red on both sides. 

•Card (2): Black on both sides. 

•Card (3): Red on one side, Black on the other side. 

If we pick a card at random and find that the upper side is red, we need to find the probability that the other side is 

black. 

First, let's enumerate all possible sides of the cards: 

•Card (1): R, R 

•Card (2): B, B 

•Card (3): R, B 

When a card is picked, any side is equally likely to be the upper side. Here are the possible outcomes where the 

upper side is red: 

•Upper side is Red, lower side is Red (Card 1, Side 1) 

•Upper side is Red, lower side is Red (Card 1, Side 2) 

•Upper side is Red, lower side is Black (Card 3, Side 1) 

So, there are three possible favorable outcomes where the upper side is red. Now, we count how many of these 

favorable outcomes have black as the other side: 

•Card (1), Side (1): Other side is Red 

•Card (1), Side (2): Other side is Red 

•Card (3), Side (1): Other side is Black 

Only one of these outcomes has the other side colored black. Therefore, the probability is: 

Number of favorable outcomes with red upper side and black lower side 

Total number of favorable outcomes with red upper side 
Number⁡of⁡favorable⁡outcomes⁡with⁡red⁡upper⁡side⁡and⁡black⁡lower⁡side

Total⁡number⁡of⁡favorable⁡outcomes⁡with⁡red⁡upper⁡side
 =

1

3
 

158. (c) To determine where the function f(x) = tan−1(sinx + cosx) is increasing, we need to analyze its 

derivative. A function is increasing where its derivative is positive. 

First, let's find the derivative of f(x). Given f(x) = tan−1(sinx + cosx), we use the chain rule: 

Let u = sinx + cosx. Then, f(x) = tan−1(u) and 
d

dx
[tan−1(u)] =

1

1 + u2
du

dx
 

Next, we compute 
du

dx
 : 

u = sinx + cosx 
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So, 
du

dx
= cosx − sinx 

Thus: 

f ′(x) =
1

1 + (sinx + cosx)2
(cosx − sinx) 

To find where f ′(x) > 0, examine the expression: 

cosx − sinx > 0 
Rewriting this, we have: 

cosx > sinx 
To identify the intervals where cosx > sinx, let's take a look at the behavior of the basic trigonometric functions. 

We know that: 

• cosx = sinx when x =
π

4
+ kπ for any integer k. 

•In the interval (−
π

2
,
π

4
) , cosx is generally greater than sin⁡x. 

•Verifying the intervals provided, we conclude that cosx > sinx holds true for x ∈ (−
π

2
,
π

4
). 

Hence, the function f(x) = tan−1(sinx + cosx) is an increasing function in: 

159. (c) The candidate has to select at least 2 questions from each group. So, he can select 2 questions from group 

A, 2 questions from group B and 3 questions from group C , or 2 questions from group A, 3 questions from group 

B and 2 questions from group C , or 3 questions from group A, 2 questions from group B and 2 questions from 

group C. These are the only possible combinations. 

Let's calculate the number of ways to choose each of these combinations: 

•2 from A, 2 from B, 3 from C : 

The number of ways to choose 2 questions from group A is ⁡4C2 =
4!

2!2!
= 6. 

The number of ways to choose 2 questions from group B is ⁡5C2 =
5!

2!3!
= 10. 

The number of ways to choose 3 questions from group C is ⁡6C3 =
6!

3!3!
= 20. 

So, the total number of ways to choose this combination is 6 ∗ 10 ∗ 20 = 1200. 

•2 from A, 3 from B, 2 from C : 

The number of ways to choose 2 questions from group A is ⁡4C2 = 6. 

The number of ways to choose 3 questions from group B is ⁡5C3 =
5!

3!2!
= 10. 

The number of ways to choose 2 questions from group C is ⁡6C2 =
6!

2!4!
= 15. 

So, the total number of ways to choose this combination is 6 ∗ 10 ∗ 15 = 900. 

•3 from A, 2 from B, 2 from C : 

The number of ways to choose 3 questions from group A is ⁡4C3 =
4!

3!!
= 4. 

The number of ways to choose 2 questions from group B is ⁡5C2 = 10. 

The number of ways to choose 2 questions from group C is ⁡6C2 = 15. 

So, the total number of ways to choose this combination is 4 ∗ 10 ∗ 15 = 600. 

Therefore, the total number of ways the candidate can make his selection is 1200 + 900 + 600 = 2700. 

160. (b) Arrange letters alphabetically: 

C, C, H, I, N, O 

Find words before COCHIN. 

(1) First letter before O at 2 nd position 

Word starts with C. 

Remaining letters: C, H, I, N, O. 

Letters smaller than O are C,H, I, N. 

For each choice at 2nd position: 
4!

1!
= 24 

Number of words: 

4 × 24 = 96 
(2) Fix CO. Third letter is C 
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Remaining letters: H, I, N. 

No letter smaller than C , so contribution = 0. 

(3)Fix COC. Fourth letter is H 

Remaining letters: I, N. 

No letter smaller than H , so contribution = 0. 

(4)Fix COCH. Fifth letter is I 

Remaining letter: N. 

No letter smaller than I, so contribution = 0 . 

Hence total words before COCHIN: 

161. (c) The direction ratios of the line joining R and Q are 2 − 0,−3 − (−1),−1 − 3 i.e. 2,−2,−4. Hence, the 

equation of the line is given by: 

x − 0

2
=
y − (−1)

−2
=
z − 3

−4
= k 

Let the foot of the perpendicular from P on the line be S(2k,−2k − 1,−4k + 3). Then, the direction ratios of PS 

are: 

2k − 1,−2k − 9,−4k − 1 
Since PS is perpendicular to the line, the dot product of the direction ratios of PS and the line should be zero. 

(2k − 1)(2) + (−2k − 9)(−2) + (−4k − 1)(−4) = 0 

Solving the above equation, we get: 

k =
−5

3
 

Therefore, the coordinates of S are: 

S (2 (
−5

3
) ,−2 (

−5

3
) − 1,−4(

−5

3
) + 3) 

S (
−10

3
,
7

3
,
29

3
) 

162. (d) (1 + tany)(dx − dy) + 2xdy = 0 

(1 + tany)
dx

dy
+ 2x − (1 + tany) = 0 

dx

dy
+

2

1 + tany
x = 1 

This is a linear differential equation. 
2

1 + tany
=

2cosy

siny + cosy
 

I.F. = e
∫ ⁡

2cosy
siny+cosy

dy
=

ey

siny + cosy
 

Therefore, 
d

dy
(

xey

siny + cosy
) =

ey

siny + cosy
 

Integrating, 
xey

siny + cosy
=

eysiny

siny + cosy
+ C 

x =
siny

siny + cosy
+ Ce−y(siny + cosy) 

x(siny + cosy) = siny + Ce−y 
163. (c) To solve this problem, we start by evaluating the given integral: 

∫  
a

0

xdx 

The integral of x with respect to x from 0 to a can be calculated as follows: 

∫  
a

0

xdx = [
x2

2
]
0

a

=
a2

2
−
02

2
=
a2

2
 

We are given that: 
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 ∫  
a

0

xdx ≤ a + 4 

Substituting the calculated integral, we get: 

a2

2
≤ a + 4 

To solve this inequality, multiply each term by 2 to clear the fraction: 

a2 ≤ 2a + 8 
Rewrite it as a standard quadratic inequality: 

a2 − 2a − 8 ≤ 0 
We factorize the quadratic expression: 

a2 − 2a − 8 = (a − 4)(a + 2) 
Thus, the inequality becomes: 

(a − 4)(a + 2) ≤ 0 

To solve this inequality, we find the critical points where the expression equals zero, which are a = 4 and a = −2. 

Test the intervals determined by these points to see where the inequality holds true: 

(1)For a < −2, choose a = −3 : 

(−3 − 4)(−3 + 2) = (−7)(−1) = 7 > 0 

(2)For −2 ≤ a ≤ 4, choose a = 0 : 

(0 − 4)(0 + 2) = (−4)(2) = −8 ≤ 0 

(3)For a > 4, choose a = 5 : 

(5 − 4)(5 + 2) = (1)(7) = 7 > 0 

The inequality (a − 4)(a + 2) ≤ 0 holds true for: 

−2 ≤ a ≤ 4 
164. (d) Let's break down the problem step by step. 

(1) Finding the Sum of the Vectors 

The sum of the two vectors is: 

(2î + 4ĵ − 5k̂) + (bî + 2ĵ + 3k̂) = (2 + b)î + 6ĵ − 2k̂ 

(2) Finding the Unit Vector 

To find the unit vector parallel to the sum, we need to divide the sum by its magnitude: 

Magnitude of the sum: ‖(2 + b)î + 6ĵ − 2k̂‖ = √(2 + b)2 + 62 + (−2)2 = √b2 + 4b + 44 

Unit vector: 
(2+b)î+6ĵ−2k̂

√b2+4b+44
 

(3)Scalar Product 

The scalar product (dot product) of the vector î + ĵ + k̂ with the unit vector is given by: 

(î + ĵ + k̂) ⋅
(2 + b)î + 6ĵ − 2k̂

√b2 + 4b + 44
=
(2 + b) + 6 − 2

√b2 + 4b + 44
 

(4) Setting the Scalar Product to Unity 

We are given that this scalar product is equal to unity (1): 
(2 + b) + 6 − 2

√b2 + 4b + 44
= 1 

(5) Solving for ' b ' 

Simplifying the equation and solving for ' b ': 

b + 6 = √b2 + 4b + 44 
Squaring both sides: 

b2 + 12b + 36 = b2 + 4b + 44 

8b = 8 

b = 1 
Therefore, the value of ‘b’ is 1 

165. (b) We can find the value of cos105∘ using the angle subtraction formula: 

cos(A − B) = cosAcosB + sinAsinB 

Let's write 105∘ as the difference of two angles whose cosine and sine values we know: 

105∘ = 135∘ − 30∘ 
Now, we can apply the angle subtraction formula: 

cos105∘ = cos(135∘ − 30∘) = cos135∘cos30∘ + sin135∘sin30∘ 
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We know that: 

cos135∘ = −
1

√2
, cos30∘ =

√3

2
, sin135∘ =

1

√2
, sin30∘ =

1

2
 

Substituting these values, we get: 

cos105∘ = (−
1

√2
)(
√3

2
) + (

1

√2
) (
1

2
) = −

√3

2√2
+

1

2√2
 

Combining the terms, we get: 

cos105∘ = −
(√3 − 1)

2√2
 

166. (a) Area bounded by y = cosx, x = 0, and x = π : 

Since cosx changes sign at x =
π

2
, 

Area = ∫  
π/2

0

 cosxdx + ∫  
π

π/2

  |cosx|dx 

= ∫  
π/2

0

 cosxdx − ∫  
π

π/2

 cosxdx 

= [sinx]0
π/2
− [sinx]π/2

π  

= (1 − 0) − (0 − 1) = 2 

167. (a) If In = ∫  
π

4
0
tannxdx, for n ≥ 2, then In + In−2 = 

We can solve this problem using integration by parts. Let's start by writing out the integral for In : 

In = ∫  
π/4

0

tannxdx = ∫  
π/4

0

tann−2xtan2xdx 

We can then use the identity tan2x = sec2x − 1 to rewrite the integral as: 

In = ∫  
π/4

0

tann−2x(sec2x − 1)dx = ∫  
π/4

0

tann−2xsec2xdx − ∫  
π/4

0

tann−2xdx 

Let's focus on the first integral. We can use u-substitution with u = tanx and du = sec2xdx : 

∫  
π/4

0

tann−2xsec2xdx = ∫  
1

0

un−2du =
un−1

n − 1
|
0

1

=
1

n − 1
 

The second integral is simply In−2. Therefore, we can write: 

In =
1

n − 1
− In−2 

Rearranging this equation, we get: 

In + In−2 =
1

n − 1
 

168. (d) The general term in the expansion of (
1

x
+ xsinx)

10
 is given by: 

Tr+1 = ⁡
10Cr (

1

x
)
10−r

(xsinx)r = ⁡10Crx
r−(10−r)sinrx 

Tr+1 = ⁡
10Crx

2r−10sinrx 
We are asked to find the coefficient of the 6 th term, which means we need to find the value of r when r + 1 = 6, 

or r = 5. 

Substituting r = 5 into the general term formula, we get: 

T6 = ⁡
10C5x

0sin5x = ⁡10C5sin
5x 

We are told that this coefficient is equal to 7
7

8
, so we have the equation: 

⁡10C5sin
5x = 7

7

8
=
63

8
 

Now, we need to find the value of x that satisfies this equation. We can use a calculator to find the value of 

⁡10C5 = 252. 

Therefore: 

252sin5x =
63

8
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 sin5x =
63

8 × 252
=
1

32
 

sinx = √
1

32

5

=
1

2
 

169. (a) We need to calculate (1 − 4i)3. We can do this by expanding the expression using the binomial theorem 

or by multiplying it out directly. Let's use the direct multiplication method: 

(1 − 4i)3 = (1 − 4i)(1 − 4i)(1 − 4i) 
First, we multiply the first two factors: 

(1 − 4i)(1 − 4i) = 1 − 4i − 4i + 16i2 
Remember that i2 = −1, so we can simplify: 

1 − 4i − 4i + 16i2 = 1 − 8i − 16 = −15 − 8i 
Now, we multiply this result by the remaining factor (1 − 4i) : 
(−15 − 8i)(1 − 4i) = −15 + 60i − 8i + 32i2 
Simplifying again using i2 = −1 : 

−15 + 60i − 8i + 32i2 = −15 + 52i − 32 = −47 + 52i 
Therefore, (1 − 4i)3 = −47 + 52i. Comparing this with the form a + bi, we find that a = −47 and b = 52. 

170. (a) To solve this problem, let's start by analyzing the given information. If a set has m elements, the total 

number of subsets of that set is 2m. Similarly, if another set has n elements, the total number of subsets of that set 

is 2n. 

According to the problem, the total number of subsets of the first set is 112 more than the total number of subsets 

of the second set. Therefore, we can write the equation: 

2m = 2n + 112 

We need to find the values of m and n that satisfy this equation. Let's check the given options one by one: 

Option (a): m = 7, n = 4 

Substitute these values into the equation: 

27 = 24 + 112 
Calculate the powers of 2: 

128 = 16 + 112 
This simplifies to: 

128 = 128 
This is a true statement, so Option (a) is correct. 

Option (b): m = 7, n = 7 

Substitute these values into the equation: 

27 = 27 + 112 
Calculate the powers of 2: 

128 = 128 + 112 
This simplifies to: 

128 = 240 
This is not true, so Option (b) is incorrect. 

Option (c): m = 4, n = 4 

Substitute these values into the equation: 

24 = 24 + 112 
Calculate the powers of 2: 

16 = 16 + 112 
This simplifies to: 

16 = 128 
This is not true, so Option (c) is incorrect. 

Option (d): m = 4, n = 7 

Substitute these values into the equation: 

24 = 27 + 112 
Calculate the powers of 2: 

16 = 128 + 112 
This simplifies to: 

16 = 240 
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This is not true, so Option (d) is incorrect. 

Therefore, the correct answer is Option (a): m = 7, n = 4. 

171. (b) Given 

(
d2y

dx2
)

5

+
4(
d2y
dx2
)
3

d3y
dx3

+
d3y

dx3
= x2 − 1 

Remove the fraction by multiplying throughout by 
d3y

dx3
 : 

(
d2y

dx2
)

5
d3y

dx3
+ 4(

d2y

dx2
)

3

+ (
d3y

dx3
)

2

= (x2 − 1)
d3y

dx3
 

Now the equation is polynomial in derivatives. 

•Highest order derivative =
d3y

dx3
⇒ Order = 3 

•Power of highest order derivative = 2 ⇒ Degree = 2 

Therefore, 

Order +  Degree = 3 + 2 = 5 
172. (b) Notice, 

x2 + 1 = (x + 1)2 − 2x 

So,
x2+1

(x+1)2
= 1 −

2x

(x+1)2
 

Also, 
d

dx
(
x − 1

x + 1
) =

2

(x + 1)2
 

Now check option (b): 
d

dx
[ex
x − 1

x + 1
] = ex (

x − 1

x + 1
+

2

(x + 1)2
) 

= ex
(x − 1)(x + 1) + 2

(x + 1)2
= ex

x2 − 1 + 2

(x + 1)2
= ex

x2 + 1

(x + 1)2
 

which is exactly the integrand. 

Therefore, 

∫ ⁡ ex
x2 + 1

(x + 1)2
dx = ex

x − 1

x + 1
+ C 

173. (b) Let's break down how to evaluate the given expression: 

Recall the definitions of inverse trigonometric functions: 

•cos−1(x) gives the angle (between 0 and π ) whose cosine is x. 
•sin−1(x) gives the angle (between −π/2 and π/2 ) whose sine is x. 
Now, let's consider the angles involved: 

•35π/18 is greater than 2π (a full circle). To work with angles within a single circle, we can subtract multiples of 

2π : 
35π

18
− 2π =

35π

18
−
36π

18
= −

π

18
 

•−π/18 lies within the interval [−π, 0], where the cosine function is positive and the sine function is negative. 

This is important for the inverse functions. 

Let's apply these ideas to our expression: 

cos−1 (cos
35π

18
) − sin−1 (sin

35π

18
) = cos−1 (cos (−

π

18
)) − sin−1 (sin (−

π

18
)) 

Since cos(−x) = cos(x) and sin(−x) = −sin(x) : 

= cos−1 (cos
π

18
) − sin−1 (−sin

π

18
) 

Now, we can apply the definitions of the inverse functions. Because π/18 is within the range of cos−1, the first 

term simplifies directly: 

=
π

18
− sin−1 (−sin

π

18
) 
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For the second term, we need to find the angle between −π/2 and π/2 whose sine is −sin⁡(π/18). Since the sine 

function is odd, this angle is simply −π/18 : 

=
π

18
− (−

π

18
) =

π

9
 

174. (b) Maximize 

P = 500x + 400y 
Subject to: 

x + y ≤ 200, x ≥ 20, y ≥ 4x, y ≥ 0 
The corner points of the feasible region are: 

(1)(20,80) (from x = 20, y = 4x ) 
(2)(20,180) (from x = 20, x + y = 200 ) 

(3)(40,160) (from y = 4x, x + y = 200 ) 

Now evaluate P : 

•At (20,80) : 
P = 500(20) + 400(80) = 42000 
•At (20,180): 

P = 500(20) + 400(180) = 82000 
•At (40,160): 

P = 500(40) + 400(160) = 84000 
Hence the maximum value is 

84,000 

175. (c) Given, 

y = sin−1 (
5x + 12√1 − x2

13
) 

Let x = sinθ, so 

√1 − x2 = cosθ. 
Then 

5x + 12√1 − x2

13
=
5sinθ + 12cosθ

13
. 

Since 52 + 122 = 132, 

5sinθ + 12cosθ = 13sin(θ + α), 
where 

cosα =
5

13
, sinα =

12

13
 

Hence 

y = sin−1(sin(θ + α)) = θ + α. 
Differentiating, 
dy

dx
=
dθ

dx
. 

Since x = sinθ, 
dθ

dx
=

1

cosθ
=

1

√1 − x2
 

Therefore, 
dy

dx
=

1

√1 − x2
 

176. (b) To determine if the given straight lines intersect, we need to find a common point of intersection that 

satisfies both parametric equations. The lines are given by: 

x − 2

1
=
y − 3

1
=
z − 4

−t
= k1 

where k1 is a parameter, and: 
x − 1

t
=
y − 4

2
=
z − 5

1
= k2 
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where k2 is another parameter. 

First, express the coordinates (x, y, z) in terms of k1 and k2 : 

From the first line: 

x = 2 + k1 

y = 3 + k1 
z = 4 − tk1 
From the second line: 

x = 1 + tk2 

y = 4 + 2k2 
z = 5 + k2 

For the lines to intersect, there must exist values of k1 and k2 such that the corresponding coordinates are equal. 

Thus, we set up the following system of equations: 

For x : 
2 + k1 = 1 + tk2 

For y : 
3 + k1 = 4 + 2k2 

For z : 
4 − tk1 = 5 + k2 
We now solve this system of equations: 

From the second equation, we have: 

k1 − 2k2 = 1⁡ 
k1 = 1 + 2k2 

Substitute k1 = 1 + 2k2 into the first equation: 

2 + 1 + 2k2 = 1 + tk2 

3 + 2k2 = 1 + tk2 

2 + 2k2 = tk2 

tk2 − 2k2 = 2 

k2(t − 2) = 2 

k2 =
2

t − 2
 

Substitute k1 = 1 + 2k2 and k2 =
2

t−2
 into the third equation: 

4 − t (1 + 2(
2

t − 2
)) = 5 + (

2

t − 2
) 

4 − t −
4t

t − 2
= 5 +

2

t − 2
 

To simplify, multiply both sides by t − 2 : 

4(t − 2) − t(t − 2) − 4t = 5(t − 2) + 2 

4t − 8 − t2 + 2t − 4t = 5t − 10 + 2 

4t − t2 − 2t − 8 = 5t − 8 

−t2 − 2t = 5t 
−t2 − 7t = 0 

−t(t + 7) = 0 

t = 0 or t = −7 

So, the lines intersect for exactly two values of t. 
177. (d) We are given the differential equation: 

dy

dx
= y + 3 

along with the initial condition: 

y(0) = 2 

First, we need to solve the differential equation. Let's rewrite it as: 
dy

dx
− y = 3 

We recognize this as a first-order linear differential equation of the form: 
dy

dx
+ P(x)y = Q(x) 
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where P(x) = −1 and Q(x) = 3. The integrating factor μ(x) is given by: 

μ(x) = e∫ ⁡P(x)dx = e−∫ ⁡1dx = e−x 
We multiply the original differential equation by the integrating factor: 

e−x
dy

dx
− e−xy = 3e−x 

This can be written as: 
d

dx
(ye−x) = 3e−z 

We integrate both sides with respect to x : 

∫ ⁡
d

dx
(ye−x)dx = ∫ ⁡ 3e−xdx 

So, we get: 

ye−z = −3e−x + C 

where C is the constant of integration. Multiplying both sides by ez to solve for y : 
y = −3 + Cex 
Using the initial condition y(0) = 2, we can find 

2 = −3 + Ce0 
Since e0 = 1 : 

2 = −3 + C 
Therefore: 

C = 5 

Substituting C back into the solution for y : 
y = −3 + 5ex 
Now, we need to find y(log2) : 
y(log2) = −3 + 5elog2 

Since elog2 = 2 : 

y(log2) = −3 + 5(2) = −3 + 10 = 7 

Therefore, the value of y(log⁡2) is: 

178. (c) To determine the probability of a randomly chosen 2 -digit number being divisible by 3 , we first need to 

understand the range of 2 digit numbers and then figure out how many of these are divisible by 3 . 

Let's consider the range of 2-digit numbers; these numbers range from 10 to 99 . Thus, there are: 

99 − 10 + 1 = 90 
two-digit numbers. 

Now, we need to determine how many of these numbers are divisible by 3 . A number is divisible by 3 if the sum 

of its digits is divisible by 3 . 

The first 2 -digit number divisible by 3 in the range 10 to 99 is 12 . The sequence of 2 -digit numbers divisible by 

3 then proceeds as 12,15,18,… ,99. 

This sequence is an arithmetic sequence where the first term, a, is 12 and the common difference, d, is 3 . We can 

use the formula for the n-th term of an arithmetic sequence: 

an = a + (n − 1)d 

where an is the last term. Setting an = 99, we have: 

99 = 12 + (n − 1)3 

Solving for n, we get: 

99 = 12 + 3n − 3 

99 = 9 + 3n 

90 = 3n 

n = 30 
So, there are 302 -digit numbers that are divisible by 3 . 

Therefore, the probability P of choosing a number that is divisible by 3 is given by the ratio of favorable outcomes 

to the total number of outcomes: 

P =
 Number of favorable outcomes 

 Total number of outcomes 
=
30

90
=
1

3
 

179. (a) To determine the value of x for which the matrix A is singular, we need to find the determinant of the 

matrix and set it equal to zero, because a matrix is singular if and only if its determinant is zero. 

The given matrix A is: 
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 A = [
0 x 16
x 5 7
0 9 x

] 

The formula for the determinant of a 3 × 3 matrix [

a11 a12 a13
a21 a22 a23
a31 a32 a33

] is given by: 

det(A) = a11(a22a33 − a23a32) − a12(a21a33 − a23a31) + a13(a21a32 − a22a31) 
Plugging in the values from matrix A, we get: 

det(A) = 0 ⋅ (5 ⋅ x − 7 ⋅ 9) − x ⋅ (x ⋅ x − 7 ⋅ 0) + 16 ⋅ (x ⋅ 9 − 5 ⋅ 0) 
This simplifies to: 

det(A) = 0 − x(x2) + 16(9x) 
Which further simplifies to: 

det(A) = −x3 + 144x 
Setting the determinant to zero for the matrix to be singular: 

−x3 + 144x = 0 

We can factor out an x : 
x(−x2 + 144) = 0 
Setting each factor equal to zero gives: 

x = 0⁡ or ⁡ − x2 + 144 = 0 

Solving the second equation for x : 
−x2 + 144 = 0⁡ ⇒ ⁡ x2 = 144⁡ ⇒ ⁡x = ±12 

However, the provided answer choices include −12,21,−144,144. Of these valid options, our solution yields: 

x = −12 or x = 12 

180. (c) To determine the nature of the function f(x) = x3 − 3x2 + 4x on real numbers, we need to analyze its first 

derivative. The first derivative of a function provides information about its increasing or decreasing behavior. 

Let's find the first derivative of f(x) : 

f ′(x) =
d

dx
(x3 − 3x2 + 4x) 

By applying the power rule of differentiation: 

f ′(x) = 3x2 − 6x + 4 

Next, we need to analyze the sign of f ′(x). The critical points of the function occur where f ′(x) = 0. 

Solving for critical points: 

3x2 − 6x + 4 = 0 
We can solve this quadratic equation using the quadratic formula: 

x =
−b ± √b2 − 4ac

2a
 where a = 3, b = −6, and c = 4. 

Substituting these values into the formula gives us: 

x =
6 ± √36 − 48

6
 

x =
6 ± √−12

6
 

x =
6 ± √12𝑖

6
 

x = 1 ±
√3𝑖

3
 

The solutions are complex, which means there are no real critical points. Therefore, there are no changes in the 

sign of f ′(x) over the real numbers. 

Now, let's analyze the sign of f ′(x) = 3x2 − 6x + 4 : 

The quadratic expression 3x2 − 6x + 4 is always positive for all real numbers because its discriminant %( which 

is the value under the square root in the quadratic formula ) is negative ( Δ = b2 − 4ac = 36 − 48 = −12 ). Since 

f ′(x) is always positive and there are no real roots for the equation, the function is always increasing. 

Therefore, the nature of the function f(x) = x3 − 3x2 + 4x on the real numbers is strictly increasing. 

 


